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Chemistry. — The Influence of Cyclic a- and B-Hydroxy Acids on the 
Conductivity of Boric Acid and the Configuration of these Com~- 
pounds, By J. BOESEKEN, G. SLOOFF and A. G. LUTGERHORST. 


(Communicated at the meeting of September 26, 1931.) 


§ 1. In P. H. HERMANS’ excellent and in a certain sense complete 
investigation of the glycol-acetone equilibria1) the conclusive force of 
boric acid investigations as regards establishing the position of the 
hydroxyl groups in space, was subjected to a critical examination. The 
result of this is that an absolute determination of the place is excluded, and 
that a relative determination has only value, when very closely allied 
glycols are compared. 

W. HUcKEL concurs with this opinion in his work that has recently 
appeared: “Theoretische Grundlagen der organischen Chemie, II, p. 290. 

Though I readily admit that by adopting this standpoint, one remains 
on safe ground, I am yet of opinion that the available material allows us 
already now to extend the limits of the comparable glycols considerably. 

N. VERMAAS’ investigation 2) has rigorously proved that the cause of 
the increase of the conductivity is owing to the presence of boro- 
complexes in aqueous solutions, and that perfectly analogous phenomena 
present themselves with greatly divergent glycols, as the poly-alcohols 
and the a-hydroxy-acids. With the former we have exclusively to do with 
the acids that are derived from one mol. of boric acid with one, resp. with 
two molecules of the diol, whereas with the latter the H-ions of the hydroxy 
acid itself may not be neglected. 

I think, therefore, to be justified in maintaining my original standpoint 
that both the position of the acetone-glycol equilibrium, as the amount of 
the increase of the conductivity, under for the rest comparable circum- 
stances, depends in the first place on the position that the hydroxyl groups 
occupy. 

While the acetone-glycol equilibria confine themselves to the interaction 
between one molecule of the glycol and one mol. of acetone in the 
formation of a single ring, the increase of the conductivity is caused 1. by 
the formation of cyclic acids from one molecule of boric acid, and one 
molecule of glycol; and 2. more particularly by the formation of acids of 
the spirane type from one molecule of boric acid and two molecules of 
glycol with two rings, of which the boron atom is the node. As the chance 


1) Zeitsch. An. u. All. Ch. 142, 83 (1925). 
2) Thesis Delft 1931. 
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to the formation of these latter substances will certainly be smaller than 
of the former, and the acid properties of these spiranes are naturally more 
pronounced than those of the simple cyclic borates, the determination of 
the increase of the conductivity renders a finer differentiation possible 
than the determination of the acetone-glycol equilibrium 1). 

I have already more than once pointed out that the increase of the 
conductivity has very little to do with the acidifying action of the glycol 
and the hydroxy acid forming the boro-complex. This is selfevident, as 
the acid properties are due to the boron atom, which must absorb an 
electron in the complex-formation, and must cede a proton, the glycol itself 
having been merged in the complex. 

Just as the quaternary ammonium bases are essentially very strong bases, 
because they have ceded the only valence electron present in the outer 
layer, the spiro-boro-complexes are strong acids, because they can only 
exist by the adoption of an electron from the hydrogen atom. 

The acidifying properties of the groups in the glycol play a subordinate 
part in the increase of the conductivity ; I abide by my opinion that this 
increase is almost exclusively due to steric influences, which render it 
possible to consider all multivalent alcohols, phenols, hydroxy-acids, 
sugars etc., if the acid properties are not too predominant, from the same 
point of view, and take the amount of the increase of the conductivity 
under for the rest comparable circumstances of temperature and concen- 
tration as a measure of the chance to the formation of the complexes, which 
in its turn is again determined by the number of hydroxyl groups and their 
position in couples in space. This position must then be thought dynamic, 
as the most stable condition under the prevailing circumstances of a 
molecule always in motion. 


§ 2. The researches of the last few years have given us pretty accu- 
rate information about the distances of the atomic centres of a number of 
atoms. We owe this to the Réntgen spectra of solid substances, and what 
is of greater importance to us, to the interference phenomena observed by 
De ByE2) when monochromatic Réntgen light passes through a gas jet, 
and to the investigations of MARK and WIERL?) on the interference of 
not too rapid rays of electrons passing through gases of simple molecules, 
as CCl,, CHCl, and other chloro-carbon derivatives, but also through 
cyclo-hexane, cyclo-pentane, and benzene. For the distance of the aliphatic 
C.C. bond 1.50—1.54 A was found, for the aromatic bond between 1.39 
and 1.43. The distance between C and O is ~1.42A, from which we 
may draw the conclusion that the distances between these atoms and 
between the boron and the nitrogen, which are in their neighbourhood in 
the natural system, are of the same order of magnitude. 


1) N. VERMAAS, Thesis Delft p. 28—29. 
2) Zeitsch. Electrochemie 36. 612 (1930). 
3) Zeitsch. Electrochenen 36, 675 and Physikal. Z. 31 366 (1930). 
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It has further been found that the angle between the C-bonds in the 
benzene nucleous cannot differ much from 120°, while the observed phe- 
nomena can be best explained when about 109° is assumed for the angle 
between the valences of the C-atoms in the aliphatic compounds. 

These values make it comprehensible why the ring-closures in the 
acetone-compounds and those in the boric-acid compounds present so 
much analogy, and that the formation of the second ring system to the 
mono-cyclic boron compound will meet with little resistance in case of a 
favourable position of the hydroxyl groups in the glycol, because the angles 
between the B—O bonds of the central boron atom do not become more 
unfavourable, at least for the five-rings, than they were in the mono-borate ; 
they remain about 109°. From the researches of B. ENGLUND 1), who has 
studied the change of solubility of arseno acetic acid in glacial acetic acid 
caused by glycols, it appears that here too complex-formation is the cause 
of the phenomena, and that also here the complex-formation depends on 
the position of the hydroxyl groups in space. In general his results run 
parallel with those obtained by us, the differences being caused on one side 
by the greater range of the As-O-bonds, as the distance As-O is about 
ee through which an influence between the glycol and the arsenic com- 
pound becomes perceptible, which is absent with boric acid, on the other 
side by the nature of the arsenic compound and of the solvent. 


§ 3. In connection with what precedes, the very great influence which 
boric acid exerts on a-hydroxy acids must be explained by the exceptio- 
nally favourable position of the hydroxyl groups. At the time one of us 
(B.) explained this by assuming that the carbonyl group has been hydrated, 
so that the a-hydroxyl group always had an OH-group of this hydrated 
carboxyl! group in its neighbourhood. The positive action exerted by a-keto- 
acid and by a-diketones could be accounted for in the samy way. It 
remained, however, unaccountable why the simplest glycolic acid exerted 


TABLE I. 
Hydroxy-acid 4 i Sonne oe 
05 BO 
CH,OHCOOH 64 130 82 
CH3;CHOHCOOH 40 730 292 
C,HsCHOHCOOH 64 556 356 
(CH3)2.COHCOOH 64 1390 890 
CH3C,H;COHCOOH 64 1810 1145 
(CoHs)2 COHCOOH 128 655 838 


) Journ. f. pr. Ch. [2] 120, 179 (1928) 122, 121 (1929) 124, 191 (1930) and 129, (1931). 
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a comparatively small influence, whereas the mono- and particularly the di- 
substituted glycocil acids made the amount of the increase very considerably 
greater (Table 1). The supposition advanced by one of us (B.)1) that 
under the influence of the alkyl groups a rotation should take place round 
the bond between the carboxyl group and the a-C-atom, through which the 
alcoholic and acid hydroxyl groups were brought closer together, appears 
to have too little foundation. It is more plausible to suppose that the alcoholic 
hydroxyl group and the hydrated carboxyl group repel each other, which 
may particularly easily happen in ordinary glycolic acid, on account of the 
small place occupied by the two H-atoms bound to the a-atoms. This 
divergence will less easily take place in the mono-substituted, and still less 
easily in the di-substituted glycolic acid. 


cl mick R,R2C 
C(OH)3 C(OH);3 C(OH); 

This supposition is in keeping with the hypothesis elaborated by 
INGOLD 2) for the purpose of obviating the imperfections of VON BAEYER's 
tension theory. This hypothesis, in which, led by J. TRAUBE’s considerations 
on the atomic volume, the angle between the affinities is calculated accurate 
down to tenths of degrees, has, however, not been able to stand the test 
of criticism). It is too much based on the rigidity of the molecules, 
whereas there is every ground to assume a great mobility in by far the 
majority of the molecules, which enables them to assume a position of the 
smallest tension consistent with the circumstances under the influence of 
the forces acting between the atoms. 

The assumption of the rigidity of the bonds was a logical consequence 
of VON Baeyer’s ‘hypothesis that the atoms of the ring systems lie in the 
same plane, independent of the number of ring-forming atoms. INGOLD now 
supposed that in consequence of the increasing divergence of the affinities 
in the ring, which had to take place in consequence of the increasing number 
of ring-forming atoms, the two remaining affinities at each of these atoms 
were inclined towards each other. 

On the supposition that the chance to complex formation at the groups 
bound to C-atoms, is dependent on the size of the angle between the 
affinities, it is to be expected that the degree of complex formation, on 
increase of this number, will vary steadily and in the same sense. 

Now that it has, however, been proved 1. by boric acid investigations, 


) Recueil 40 p. 580 (1921). . 

2) Cf. a great number papers by THORPE and INGOLD with a number of collaborators 
in the Journ. of the Chem. Soc. 1915—1928. 

*) W. HiickEL “Der gegenwartige Stand der Spannungstheorie p. 92—100. Fortschritte 
der Chemie, Physik und physikalischen Chemie 1927. 
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2. by the determinations of the combustion heat of the rings, 3. by 
Ruciska’s1) researches concerning the very large rings, and finally 4. by 
W. HickeE.’s2) experimentally supported considerations, that in the rings 
with more than five atoms no tension is present, and that the tension in the 
five-ring, supposing it is present, is certainly very small, it may be expected 
that the chance to complex-formation at the two remaining bonds of the 
C-atoms of rings larger than the four-ring, will no longer undergo any great 
changes. 

In the groups bound to one C-atom of the four-ring the first important 
deviations are to be expected. 

To this train of reasoning we have applied the test of the behaviour of 
boric acid towards cyclo-butane 1 .1-, cyclo-pentane 1.1-. cyclo hexane 
1.1, and cyclo-heptane 1.1-hydroxy carbonic acid, and have actually 
succeeded in establishing that the increase of the conductivity of hydroxy- 
acids with a 5-, a 6-, and a 7-ring differs little inter se and is of the same 
order of magnitude as has been found in the twice substituted not ring- 
shaped glycolic acids, and that the conductivity of cyclo-butane hydroxy 
carbonic acid hardly undergoes an increase with boric acid, if at all. Here 
there is, therefore, an exceedingly great deviation indeed, which cannot be 
explained in another way than by assuming that there is another condition 
in the four-ring than in the higher rings. Is this in consequence of a tension 
that does not exist in the higher rings? May we explain it by a diverging 
of the hydroxyl- and the carboxy] group, which causes the molecule to make’ 
this tension as small as possible? This assumption seems very attractive, 
as it is in harmony with the explanation of the comparatively slight influence 
that the glycolic acid itself exercises on the boric acid. 

In table II we give a survey, in which a few more acids have been 
inserted with their dissociation constants. 


TABLE II. 
VxXA 
Substance Ky5 & 104 100m 
(V = 64) 
cyclo heptane hydroxy-carbonic acid 1. 1 0.92 960 
cyclo-hexane hydroxy-carbonic acid 1. 1 0.77 984 
cyclo pentane hydroxy-carbonic acid 1]. 1 0.77 968 
cyclo-butane hydroxy-carbonic acid 1. 1 a 1S: Sra 
methyl ethyl glycolic acid ds 1145 
diphenyl glycolic acid 0.54 838 
diphenylene glycolic acid = 580 


Vl \ 
\ ra 

| » COHCOOH 
irae 


1) Helv. Ch. Acta 9, 230, 249 and 339 (1926). 
2) Ann. 441, 1. Berichte 58, 1449 (1925) Ann. 451, 109 (1926). 
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We draw attention to the comparatively slight influence of the diphe- 
nylene glycolic acid, which in connection with what precedes, points to a 
certain tension in the not entirely saturate five-ring. 


§ 4. In the B-hydroxy-acids with open chain examined up to shortly 
ago we have not been able to detect any increase of the conductivity. 
Evidently the chance to the formation of six-rings and a fortiori of a boro 
spirane is. very small. In this respect they resemble most 1.3 glycols; we 
have explained this by the complicated movements of these molecules, in 
consequence of which the position of the mutually repelling hydroxyl 
groups seldom becomes favourable, and the state of equilibrium excludes 
the formation of the complex boric acid compounds. 

This explanation finds a confirmation in the behaviour of the aromatic 
ortho-hydroxy acids, which bring about a very considerable increase, as we 
may expect that here in consequence of the rigidity of the benzene ring and 
of the groups directly bound to it, the carboxyl group and the ortho- 
hydroxyl group are particularly favourably disposed to the formation of a 
six-ring. 

If now the mobility in the saturate five-ring has greatly diminished, as 
follows from the comparatively great influence exerted by the cyclopentane- 
diols 1.2 on the conductivity of boric acid 1), we may expect that a cis- 
cyclopentane 1.2 hydroxy carbonic acid will undergo a very pronounced 
positive influence from the boric acid, the trans isomer will not. 

As our first object we have chosen the two isomer borneol carbonic acids, 
because at the same time they might give us information about the confi- 
guration of the derivatives of camphane. If we denote these acids by the 
usual symbol, in which the methyl group and the bridge must not be 


bs] | 


/\ OH 
K 


> )-c00n 


thought in the plane of the six-ring, four isomers are possible, two cis-, 
and two trans-acids. Of these so far only two are known, m.p. 102°—103° 
and 170°, which have been separated and described by BREDT 2) ; the first 
is in general more readily soluble, is more readily attacked by acetyl 
chloride, and is then converted into the higher-melting isomer mp. 171° ; 
moreover it more readily cedes H2O with formation of bornylene carbonic 
acid, and has a much higher dissociation constant: K==0.0105, against 
0.00255 of the higher-melting isomer 3). 


') Also from MARK and WIERL’s (loc. cit.) investigations follows that the cyclo pentane 
ring is extended in one plane. 

2) J. BREDT Ann. 366 p. 1 (1909). 

3) These values have been determined by means of indicators, and are very inaccurate, 
as appears from our measurements. 
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Of very great importance BREDT considers the ready attackability by 
alkalic KMnQOy,, in which camphoric acid is formed, compared with the 
stability of the higher-melting isomer. As both give camphoric acid with 
HNOs, and a transition is found with acetyl chloride, BREDT considers 
the cis-trans isomerism proved, and ascribes the cis-configuration to 
the lowest-melting acid, because it is so readily attacked by KMnO,. He 
gives, however, no explanation of this view: that the dissociation constant 
of the low-melting acid is considerably higher than of the high-melting one 
is undoubtedly a support for this view. 

No more than BREDT have we succeeded in obtaining any indication of 
the two other isomers: the acids obtained by us had the properties indicated 
by BREDT, and the lowest-melting acid underwent a considerable increase 
of the conductivity of the boric acid, the highest-melting a small decrease. 
Besides we could obtain both a cyclic acetone compound and a chloralide of 
the lowest-melting acid, the formation of which was absent with the high- 


melting acid (Table III). 


TABLE III. 
M Mp. Increase aoe FAN 
Compound Mp. | Ky5>« 104 Chi ea cycl.acetone | con- Cc j——— 
a comp. | ductivity | 100 
| | 
borneol carbonic acid. 3 102-103°; 0.902 19% o.5 NW 530 GF V64 339.6 
isomer 3 Wey 0.172 — _— decrease — 
Salicylic. acid a. in . eee 159° 10.2 = = 1430 | "We4 1420 
| 


By this it has been conclusively proved that the low-melting acid is a cis- 
borneol carbonic acid, the high-melting a trans-borneol carbonic acid. Now 
we can also give an explanation why the low-melting acid was attacked so 
much more readily by alkalic KMnOy, than the high-melting one, and why 
J. BREDT's diagnosis was correct. One of us has found that the oxidation 
of the double bond with alkalic KMnOy, always yielded the conjugate cis- 
glycol, and has accounted for this by assuming that this oxidation would 
begin with the formation of a complex mangani-compound of the glycol, 
which for so far as it is no further oxidized, must give by hydrolysis, a 
glycol with hydroxyl groups in a favourable position, as in the hydrolysis 
itself there is no reason of a WALDEN conversion. VERKADE has found that 
the a-hydroxy acids with mangani salts give a strong coloration, pointing 
to a complex formation, which then again gives rise to easy further 
oxidation. Now that it has been proved that in the low-melting borneol 
carbonic acid the OH.COOH groups have a favourable position with regard 
to boric acid, they have this also with regard to mangani compounds, and 
thus the ready attackability by alkalic KMnO, has been explained. 
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From the considerable amount of the increase of the cis-acid follows also 
a rigidity of the molecule, which is not a priori to be expected in a deri- 
vative of a five-ring. In the camphane scheme we have, however, to do with 
two five-rings, which have three C-atoms in common, and which will both 
try to extend in one plane, retaining the angle of about 109° between the 
C-C bonds. This is impossible, but an approach to it can be reached to 
some extent in consequence of the flexibility of the six-ring. The adjoined 


» 


ery 


aw 


Camphane 


figure gives an idea of the camphane scheme, in which the angle between 
1.2 and 1.6 will be smaller than 109° 28’. 

In the Wiilner Festschrift June 13, 1905, p. 111, BREDT1) already drew 
attention to such a condition of the molecules of the camphane type to 
explain why only one camphor is known, whereas two isomers would be 
possible in view of the two asymmetric C-atoms (cf. also W. HUCKEL 
loc. cit. p. 62 in Lipp. Ann. 480, 298/1930). 

The new point of view is the presence of the two five-rings with three 
common carbon atoms, which, in their attempt to form one plane, come in 
conflict with forces which try to preserve angles of 109°.28’ between the 
1.2 and 1.6 resp. the 3.4 and 4.5 bonds. In consequence there will be 
tensions in the molecule, which may give rise to all kinds of conversions. 
With this model, just as with the old one, there are, however, four borneol 
carbonic acids to be expected ; but it is not excluded that a cis-acid with 
the two groups towards the side of the other five-ring, will be very unstable, 
and that a trans-acid with an endo-lying carboxyl group is likewise difficult 
to retain. 

The configuration given above, in which the loci 2 and 6 lie compar- 
atively close together, and in which there is, besides, a certain tension 
in the compounds derived from them, can render a number of remarkable 
changes in these compounds comprehensible. 

Thus the great difference in properties of borneol and iso borneol is 
clear, if with BREDT we assume that the former has the OH group bound 
to the outer side of the ring plane (exo), the latter to the inner side (endo), 


') J. BREDT has been the first to apply the flexible cyclo hexane ring according to 
SACHSE as an explanation of the configuration of the organic compounds, retaining the 
constant angle between the affinity directions. 
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to which Lipp (l.c.) recently drew attention. Without the particular con- 
dition of the double five-ring system with three common C-atoms so great 
a difference would nevertheless be incomprehensible. 

The transition of the bornylchlorides into camphene and vice versa, in 
which at the same time tricyclene is formed, becomes much easier to see 
through the neigbourhood of the 1.2 and 6 C-atoms and the prevailing 
tensions than if the C-atoms 2 and 6 should lie very far apart. 


Bornylchloride 


Tricyclene 


The formation of this last hydrocarbon from 2.6 dibromo-camphane 
with Zn or Na, or from the hydrazide of camphor with mercury oxide resp. 
from diazo camphor by heating is also easy to understand through the 
neighbourhood of the 2. 6 C-atoms. If the C-atom 6 were on the other side 
of the molecule, exclusively bornylene would have to be expected in these 
last conversions. 

Finally these considerations do not allow us to make a choice with regard 
to the configuration of the two known borneol carbonic acids besides that 
they are cis-trans isomers. The fact that the acid mp. 103° very readily 
splits off water, can just as well be explained from the mutually repulsive 
action of the OH and COOH groups, as by the assumption that the two 
groups lie jammed in between the planes. The ready transition of the cis- 
into the trans-acid tells us only that the two groups repel each other. We 
are, however, of opinion that the extraordinaric easy formation of the cyclic 
acetone compound and the chloralide do plead in favour of an exo-position. 
But the configuration of the trans-acid then remains unknown, because it 
can just as well be a derivative of the borneol as of the isoborneol. 


Delft, September 1931. 


Astronomy. — Mittlere Lichtkurven von langperiodischen Verdander- 
lichen. IV. T Cephei. Von A. A. NIJLAND. 


(Communicated at the meeting. of September 26, 1931.) 


Instrumente: B (Binocle), S, in der Figur 1 mit ,,Zoeker’’ und Z be- 
zeichnet, und ausnahmsweise R. Die Beobachtungen wurden alle auf S 
reduziert ; die benutzten Korrektionen sind: S—B=—=—0™.38; S—R— 
= -+ 0™.30. Spektrum M5—8e (Harv. Ann. 79, S. 204). 

Gesamtzahl der hier zu besprechenden Beobachtungen 723 (von 
2416799 bis 2426413). 

Karte: HAGEN, Aflas Stell. var. Series IV. 


TABELLE I. Vergleichsterne. 


BD E st. | HA29| HA74} HA99 | PD Pe 
Byero ites rise 1052681155.96 F 216.16. WG .16.07| 5.94 
Almmieiazo 4265 | | | 17.52 BST | 6.78. GW 16.491 6.49 
a| 67.1288| 3| 39.2| 6.87] 6.76| 6.80 A2 | 7.17 Gw— |6.87| 6.79 
b| 67.1283 | 4| 34.6] 7.24] 7.34] 7.20 B5 |7.60 GW-+ |7.38| 7.22 
c| 67.1299| 6| 29.1] 7.76| 7.92| 7.62 Fo | 8.22 Gw_ |7.92] 7.73 
d| 68.1188| 7|23.9| 8.10] 8.06] 8.01 A3 = — | 821 
x| 67.1295] 9] 20.5] 8.24] 8.32] 8.28 AO = — | [8.53] 
e| 67.1285 |13|16.7| 8 89| 8.82 = e _ | 8.88 
f | 68.1186 | 14] 12.0] 9.14] 8.96 a = gi 
g| 67.1294] 16| 7.7] 9.88] 9.52 sc} 2 ee 7 
h| 67.1292 | 23 | 3.4| 10.51 | 10.21 A. — |10.1 
j — |27] 0.0} 10.66 | 10.29 a! ae — |10.42 


Es ist mir unverstandlich, dass in G. u. L. (II S. 318) 1) von einer 
ungiinstigen Lage der passenden Vergleichsterne gesprochen wird. Wie 
aus der Kolumne H ersichtlich, kommen keine grésseren Spriinge als 0™.5 
vor, und mit Ausnahme der Sterne B und A, welche nur im Opernglas zur 
Verwendung kamen, liegen sie alle innerhalb 50’ vom Veranderlichen. 

Die Stufenskala bezieht sich auf die Helligkeit 8™.0; der Stufenwert 


942 


ist 0m.093. Der Stern x wurde ein paar Mal mit beobachtet. Die Grésse 
von A aus Harv. Ann. 99 (7™.52 photometrisch, 7™.50 photographisch) 
fallt ganz heraus und blieb unberiicksichtigt. 

Die PD-Werte wurden auf das System der HP reduziert (vorletzte 
Spalte). 

Es liegen 101 Schatzungen der Farbe vor, welche aber mit wenigen 
Ausnahmen aus den Jahren 1904 bis 1910 stammen. Aus der Tabelle Ila 
scheint hervorzugehen, dass die Farbe rund 2417700 ein Minimum: zu 
4c.3 gezeigt hat, doch es muss dahingestellt bleiben, ob es sich um eine 
reelle Aenderung der Farbe handelt. 

Aus der Tabelle IIb erhellt, dass bei diesem stark gefarbten Stern die 
Helligkeit bei der Farbenauffassung keine Rolle spielte. Das allgemeine 
Mittel ist 5.09. 


TABELLEN Ila und IIb. Farbenschatzung. 


Zeitraum tama | | m Farbe Grésse m Farbe 
7111-7287 18:¢,) 5, B7al|, cOs05ey ia? wees 
7303 - 7493 17 jar 4 6.62 ile! 4.88 
7503— 7698 15 4.27 6.94 13 5.00 
7706—8056 18 sae The obl 13 Biehl! 
8134— 8398 15 5.00 7.88 13 5223 
8404— 8958 12 Syck} 8.59 12 5.08 
241 242 
9650 - 6347 6 5207) ee lee ie 5.08 


9.56 12 4297 


101 5.09 101 5.09 


Die Fig. 1 enthalt die Beobachtungen, alle auf S (den ,,Zoeker” Z) 
reduziert. Die Reihe der Abweichungen (Beobachtung minus Kurve) zeigt 
237 Plus-, 246 Minuszeichen, 240 Nullwerte, 226 Zeichenfolgen, 256 
Zeichenwechsel. Das Mittel der absoluten Werte der Abweichungen 
betragt 0™.098. Wie bei J Cassiopeiae macht sich auch hier kein Einfluss 
des Mondscheines auf die Helligkeitsschatzungen bemerkbar. Es verteilen 
sich auf 185 bei Mondschein angestellte Beobachtungen die mi igitemese 
wie folgt: 69 Pluszeichen, 64 Minuszeichen, 52 Nullwerte. 

Die Tabelle III enthalt die aus der Kurve abgelesenen Epochen der 
Minima m und der Maxima M. Die Spalte R wurde mit den einfachen 
Elementen : 

24214204 + 3904 F (fiir die Minima) 
und 24216264 + 3904 F (fiir die Maxima) gerechnet. 
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TABELLE. III. 


Minima m Maxima M 
E | B | SR BOR BOF las 8 | 2 | R |B-R|B—F 
241 m 

at oy ere 2B SE hag oP 6956 | 6.0 | 6946 | +10] — 8 
—u| 7149 | 9°5| 7130] +19} 451] 7358 | 6.0 | 7336] +22 | +8 
iO) st) | 9.5:1°7520 | $14) 4 4 |) 7724 | 5.7.1 7726 | — 2 | ~12 
—~9]| 7927 | 9.6] 7910] +17] +10 || 8102 | 5.9 | 8116] -14| —21 
Beene] mies0oue | 917.) 8300/4 9 | 4-6 | 8487") 6011 8506.|\—19 | — 22 
—7]| 98687 | 9.9/ 8690/3] —4|| 012 | 6.4 | 8896 | +16 | +415 
—6| 9072 | 10.1 | 9080/—8]—6]] 9288 | 5.7 | 9296} +2] +4 
5 | 9460. | 10,3 9470) —io| — 6 ||, 9674 | 5.8 | 96761 12) +2 
—4| ‘9340 | 10.1 | 9860 | —20} —14 |] 061 | 5.7 | 0066} — 5] +1 
—3] 0245 | 10.1} 0250) —5|+2|| o458 | 6.1 | 0456142) 49 
ei 0624 10,3 | 6640}. t6.|\ 8’ 0840 |) 6.1 | 0846 | — 6 | 4-2 
eet i0i2, i003 | 1030.) 18) 9 1233. «| 5.7: | 1236) - 3 | + 6 

0} 1409 | 10.2| 1420] 11] ~2]} 1609 | 5.7 | 1626| —17] — 8 
+1] 1800 | 10.0] 1810} 10] —1|| 2023 | 5.9 | 2016| +7] +16 
“P31 2193) |. 10.3} 2200| = 7142 || 2407° | 6.0 | 2406 | + 1| +10 
+3] 2589 | 10.3|2500|-1/+7|| 2797 | 5.8 | 2796|/+1|+9 
+4] 2970 | 10.2|2980| 10} —3|| 3177 | 5.8 | 3186|—9|—2 
pera amesaee ie 1023, 8370 |) 6.|,.— 1 \/ir. 3575 |..5.5..) 3576:|— 1 [te 4 
46 | 3764 | 10.3) 3700/4 4|+8)| 3960 |-5.9 | 3966| —6| —2 
bee esisé: 111073. 1 4160.1 41 5 || “4351 | 5,3, | 4356 | = 5 | 4 
See aasa 10/8 14540124) 5 || 4744 | 5.9 | 4746.) — 2 |= 3 


Nn 
Wn 
— 
w 
fon) 
| 
lo <) 
| 
— 
i) 


Hes) 4998) | 10;3)|-4930 |.—.2'| — 6 5128 5. 
+10 | 5327. | 10.3 | 5320| +7 0 5536 | 5.7 | 5526] +10] + 3 
+11 | 5727 | 10.4 | 5710 | +17 | + 6 5933 5.9 | 5916 | +17] + 6 
+12] 6131 | 10.3 | 6100 | +31 | +17 me | ye ee eg Ge 


10.12 a= 1) a0 sun fe) 


Bei den Minima ist es recht deutlich, dass die Periode von T Cephei 
fiir den hier betrachteten Zeitraum in Zunahme begriffen ist. Fiir die viel 
weniger fest liegenden Maxima ist das zwar nicht so einleuchtend, doch 
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widersprechen die Maximal-Epochen der Hypothese einer zunehmenden 
Periode keineswegs. Auch bei den weiter unten zu besprechenden Epochen. 
der Wendepunkte und der ,,ungestérten’” Maxima (Tabelle IV) findet 
man einen Ueberschuss von positiven Abweichungen B—R am Anfang 


TABELLE IV. 
A. Wendepunkte B. Ungestérte Maxima 
E | B | v | R B= B | v | R B—R 
241 m 241 m 


—9 | 8046 6.7 8047 | —1 8080 5.0 | 8093 | —13 
yt 4s = bs. A. 8488 5.1 8483 | +5 
oe7 1 8843 7.0 $827) |) tel 8872 5.3" | 8875 | eae 
16 eee O27 7.4 9217 0 9266 5.0 | 9263 | +3 
—5 | 9595 8.4 9607: |/, = 12 9640 5.1 | 9653 | —13 
— 4 | 9985 7.5 9997 | —12 0043 4.9 | 0043 0 
_3 | 0382 7.5 0387 | — 5 0433 5.0 | 0433 0 
26 W 0762 8.1 0777. | ~—15 0814 5.6 | 0823 4] oa 
yal 1171 7.4 ter p44 1213 5.1 1213 0 

0 1528 7.9 1557 | —29 1584 5.1 1603 | —19 
1} 1955 6.4 1947 | +8 1977 49 | 1993 | —16 
+2) ) 2328 7.6 3337 | on 9 2373 5.1 | 2383 | —10 
233, ik eis 7.9 F727 cet 2772 5.1 2773" i) ol 
+4 | 3095 8.0 3117 yl) 222 3156 5.1 3163 owe 
+5 | 3496 7.5 3507 | —11 3551 48°) |. 3553' | aes 
+6 | 3895 77 $897) Ve? 3946 5.2 | 3943 | +3 
+7 | 4284 72 AQET? 34 hers 4331 4.7. | 4333.) 
+8 | 4674 ie 4077 ll eed 4726 5.1 4723 | = 
+9 | 5057 748 5067 | —10 5112 #585 |. 5113.) eee 
+10 | 5459 FY 5457 | +2 5511 4.9 | 5503 | +8 
nit 5864 7.9 5847. | +17 5913 5.2 | 5893 | +20 
+12 | (6297) | (6.3) | 6237 | (460) || 6310 5.0 | 6283. |, ear 
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und am Ende der Reihe, und hauptsachlich negative Zeichen in der 
Mitte. Bringt man die vier Phasen in eine einzige Graphik zusammen, so 
gibt diese fiir den hier betrachteten Zeitraum die Periode 3904.2 + 04.35 E, 
und die Elemente F lauten: 


24214114.0 + 3904.2 F + 04.175 F2 fiir die Minima, 
2421617 .0+ 390 .2E+-0 .175 E2 fiir die Maxima. 


Die Periode hat also in den Jahren 1905 bis 1931 von 3864 bis 3944 
zugenommen. PRAGER’s Katalog fiir 1931 gibt der Periodenwert 3954.9, 
und das aus samtlichen von mir seit d. J. 1905 in den Astr. Nachr. mit- 
geteilten Epochen der Minima und Maxima abgeleitete allgemeine Mittel 
ist 3904.1. Ich méchte betonen, dass mir eine sekulare Veranderung der 
Periode durchaus unwahrscheinlich vorkommt, und dass ich ein Sinusglied 
zur Beseitigung der systematischen Abweichungen B—R weit vorziehen 
wiirde; z.Z. liegen aber zur Bestimmung dieses periodischen Gliedes noch 
keine geniigenden Angaben vor. Die Alteren Beobachtungen helfen hier 
nicht, denn nach G. u. L. (II S. 318) 1) werden samtliche fiir den Zeit- 
raum 1884 bis 1913 gesicherten Minima und Maxima mittels der konstan- 
ten Periode 3864.8 sehr befriedigend dargestellt. Auch mit einem ein- 
fachen Sinusgliede wird man also nicht auskommen kénnen. 

Die extremen Werte des Lichtwechsels sind: 


Minimum : v—10™,12 + 0.047 ) 


Maximum: v= 5 .84+0 .056 Sans 


Die Amplitude betragt also 4™.28. 

Das Minimum scheint im Laufe der Jahre 1905 bis 1931 schwacher 
geworden zu sein, das Maximum aber etwas heller. 

Wie man sieht (Fig. 1) hat auch T Cephei, wie T Cassiopeiae, einen 
scharf ausgepragten Buckel im aufsteigenden Aste der Lichtkurve. 

Zur Bildung einer mittleren Kurve verfuhr ich genau wie es bei T Cas- 
siopeiae beschrieben wurde (Proc. 34, 220). Die Tabelle IVA gibt die 
Epochen der abgelesenen Wendepunkte, nebst der Vergleichung mit den 
einfachen Elementen: 


241155744 3904 E ; v==7m,39+0™,126 (m.F.). 


Die drei Teilkurven schliessen sich, wie aus der Fig. 2 ersichtlich, so gut 
wie vollstandig an einander an, und liefern zusammen die mittlere Kurve 
(Tabelle V). 

Auch bei diesem Stern wurde wieder nach der friiher beschriebenen 
Methode (Proc. 34, 222) die beobachtete Kurve zu einer ,,ungestérten”’ 
vervollstandigt, und auch hier geschah das ganz zwanglos und sozusagen 
natiirlich. Die Tabelle IV B enthalt eine Zusammenstellung der so gebil- 
deten ungestérten Maxima nebst einer Vergleichung mit den einfachen 
Elementen 


242160344 3904E ; v—5m,06 + 0m,033 (m.F.). 
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TABELLE V. Die mittlere Kurve. 


Phase v | Phase v Phase v Phase v Phase v 
d m d m d m d m d m 
= 100} eased —20 | 10.03 |} + 60 | 9.02 || +140] 7.36 || +220] 5.98 
= Clue) test) —10 | 10.11 |} + 70 | 8.66 |} +150 | 7.24 || -+230 |] 6.20 
SON sono O | 10.12 |} + 80 | 8.32 |} +160 | 7.00 || +240 | 6.48 
— 70]. 9.10 +10 | 10.10 }} + 90 | 8.00 |} +170 | 6.70 |) +250] 6.80 


— 60] 9.35 || +20 | 10.00 |} +100 | 7.75 || +180 | 6.38 || +260 | 7.14 
— 50] 9.57 || +30 | 9.85 || +110 | 7.60 || +190 | 6.03 || +270] 7.49 
— 40] 9.76 || +40 | 9.63 |] +120 | 7.52 |] +200] 5.87 || +280 | 7.84 
— 30] 9.91 || +50 | 9.34]]| +130 | 7.44 || +210 | 5.85 |} +290] 8.18 


Auch die Teilkurve dieser ungestérten Maxima schliesst sich derjenigen 
der Minima vorziiglich an. Fiir die Schiefe der ungestérten Kurve findet 


M—m 


mane —— 


P 
Schliesslich wurde die Differenzkurve C—A—B gebildet, welche sich 


auch hier, wie bei JT Cassiopeiae, so gut wie volstandig symmetrisch ge- 
staltet (Fig. 2); das Minimum, zu 1™.65, fallt auf 2421577, also 26 Tage 
vor dem ungestérten Maximum; die Helligkeit des Weranderlichen 
erleidet also beim Aufstieg eine Verfinsterung, welche ihn von 78 % seines 
Lichtes beraubt. 


SN IM 
fox ° 
a 4 
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Zusammenfassung. 


Aus 723 in den Jahren 1904 bis 1931 (2416799 bis 2426413) angestell- 
ten Beobachtungen von T Cephei sind die folgenden Elemente des Licht- 
wechsels abgeleitet worden: 


Minimum : 24214114.0 ) v—10™,12 
1 d 2. 

Maximum : 1617 04 gc it adam v= 5 .84 

Amplitude = 4 .28 


Der Stern scheint beim Aufstieg eine Verdunkelung von 1™.65 zu 
erleiden, welche einen vollkommen symmetrischen Verlauf hat, und deren 
Minimum auf 2421577 fallt. 


Utrecht, September 1931. 


1) G. MULLER und E. HARTWIG. Geschichte und Literatur des Lichtwechsels der bis 
Ende 1915 als sicher verandeclich anerkannten Sterne....., Leipzig, 1920. 


ERRATUM. 


Page 655, Fig. 1. For P—265.4 read P—265. 
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Mathematics. — Ueber die Bewegung mit zwei Freiheitsgraden einer 
Ebene in sich. (Dritte Mitteilung.) Won W. VAN DER WOUDE. 


(Communicated at the meeting of September 26, 1931.) 


§ 1. Es sei in einer Ebene IJ, — der festen Ebene — eine Kurvenschar 
(C), abhangig von einem Parameter, gegeben. Ein Achsenkreuz OXY, 
verbunden an eine zweite Ebene JI,,, bewegt sich so, dass O mit jedem 
Punkte von JJ zusammenfallen kann; dabei soll OX die Kurve der Schar 
(C) berithren, welche durch diesen Punkt geht. Die Ebene //,, hat dann 
in Bezug auf JJ; eine Bewegung, welche von zwei Parametern abhangt ; 
umgekehrt: hat JI, in Bezug auf IJ, eine holonome Bewegung, welche 
von zwei Parametern abhangt, dann kann diese erzeugt werden, indem 
man in J/,, ein Achsenkreuz und in IJ; eine geeignete Kurvenschar wahlt, 
und /I,, sich in der’ oben erwahnten Weise in Bezug auf Il; bewegen 
lasst. Die Kurven (C) will ich im Folgenden ,,Leitkurven” nennen!). 

In der in der Fussnote 1) zuerst genannten Abhandlung — und auch schon 
im ersten Artikel von FariID BOULAD — wurde noch auf das Folgende 
hingewiesen. Offenbar bestimmt die Schar der Leitkurven die méglichen 
Bewegungen eindeutig; das umgekehrte ist aber nicht der Fall. Ersetzt 
man (C) durch eine der Scharen isogonalen Trajektorien von (C), dann 
andern sich dadurch die méglichen Bewegungen nicht. (Man kénnte (C) 
noch durch eine andere Schar Leitkurven — namlich durch Parallelkurven 
der Kurven (C) — ersetzen ohne die méglichen Bewegungen zu andern ; 
fiir das Folgende ist dieses aber belanglos). 


§ 2. In den friiheren Artikeln wurde wiederholt darauf hingewiesen, 
dass in jeder Lage unter den méglichen infinitesimalen Bewegungen eine 
Translation vorkommt; in einer folgenden Lage ist dann wieder eine 
infinitesimale Translation méglich, aber in einer anderen Richtung. 

Dagegen ist eine endliche gradlinige Translation im Allgemeinen nicht 
moglich; man kann aber leicht die Bewegung von JJ, in Bezug auf I]; 
so bestimmen, dass aus einigen oder auch aus allen Lagen eine endliche 


1) Vgl. W. VAN DER WOUDE: Over de beweging van een vast vlak stelsel. Versl. 
K. Ak. v. Wet., 35, p. 99—110. Man findet ausserdem eine vorlaufige Litteraturliste, 
wozu man noch hinzufiigen k6énnte : 

E. CESARO: Vorlesungen iiber Natiirliche Geometrie, 1901, § 116a; und welche jetzt 
erganzt werden soll durch: 

H. J. E. BETH: Over de beweging..., Nieuw Archief voor Wiskunde, 24¢ Reeks, XV, 
p. 346—377 ; 

W. VAN DER WOUDE: Over de beweging..., Versl. K. Ak. v. Wet., 37, p. 260—270. 
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geradlinige Translation méglich ist. Um z.B. zu erreichen, dass von allen 
Lagen aus eine endliche gradlinige Translation méglich ist, braucht man 
nur eine Geradenschar als Leitkurven zu wahlen. 

Ebenso leicht ist es die Frage zu beantworten ob man die Bewegung 
von JI,, in Bezug auf IJ; so bestimmen kann, dass von jeder Lage aus 
eine endliche Drehung méglich ist. Es mége unter den Leitkurven ein 
Kreis C, vorhanden sein und man betrachte eine Lage, wobei O mit einem 
Punkte von C, zusammenfallt und C, folglich von OX beriithrt wird. Wir 
wollen nun O sich langs C bewegen lassen, wobei OX fortwahrend C, 
beriihren soll, dann ist hierdurch die Bewegung von J/,, in Bezug auf IZ 
vollstandig bestimmt; sie ist eine endliche Drehung mit dem Mittelpunkt 
von C;, als festes Drehzentrum. Wahlt man als Leitkurven eine beliebige 
Kreisschar, dann ist folglich von jeder Lage aus eine endliche Drehung 
méglich. 

Nimmt man die Kreise eines Biischels als Leitkurven, dann sind von 
jeder Lage aus sogar 2 endliche Drehungen médglich. Man kan namlich, 
wie aus dem Vorhergehenden folgt, diese Schar Leitkurven durch ihre ortho- 
gonalen Trajektorien ersetzen ohne die méglichen Bewegungen zu andern; 
die orthogonalen Trajektorien bilden hier einen neuen Kreisbiischel und 
von jeder Lage aus gibt es also eine zweite endliche Drehung. 


§ 3. Das Vorhergehende gibt nun Anlass zu der Frage: Kann man 
die Bewegung von II, in Bezug auf II; so bestimmen, dass von jeder 
Lage aus unendlich viele endliche Drehungen méglich sind ?1) 

In Anschluss an die zweite Mitteilung unter demselben Titel stelle ich 
die Frage noch anders. Es ist bekannt, dass in jeder Lage von JJ, in 
Bezug auf J; die méglichen momentanen Drehzentren auf einer Geraden 
d liegen. Die gestellte Frage kann nun auch so formuliert werden: ,,Ist es 
méglich, dass fortwahrend jeder Punkt der Geraden d ein stationares 
Drehzentrum ist?” 

Die Leitkurven miissen jetzt eine Kreisschar bilden, von denen alle 
isogonalen Trajektorien wieder Kreise sind; es wird also gefragt zu unter- 
suchen ob es solche Kreisscharen gibt und sie womdglich alle zu bestimmen. 

Nehmen wir an, dass C, und Cy zwei Kreise einer solchen Schar (C) 
sind. Unter den isogonalen Trajektorien sind auch die orthogonalen ent- 
halten; diese miissen also auch C, und Cy, rechtwinklig schneiden, 
ausserdem sollen es nach Voraussetzung Kreise sein. Diese orthogonalen 
Trajektorien sind hierdurch schon bestimmt, sie bilden einen Kreisbiischel 
(C’); aber dann ist (C) auch ein Kreisbiischel. Es bleibt jetzt noch die 
Frage, ob es einen Kreisbiischel gibt, von denen alle isogonalen Trajek- 
torien wieder Kreise sind. 

Es sei P ein Grundpunkt des Biischels (C); durch eine Inversion, 


1) Auf die Méglichkeit die Bewegung von 77,, in Bezug auf Mp so zu bestimmen wurde 


in der zweiten Mitteilung unter demselben Titel, s. 268 hingewiesen. 
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deren Zentrum P ist, kénnen wir alle Kreise von (C) in Geraden (J) 
iiberfithren; diese Geraden bilden einen Strahlenbiischel, dessen Scheitel 
der Bildpunkt des anderen Grundpunktes des Biischels (C) ist; dieser 
Strahlenbiischel kann aber unter Umstanden auch aus parallelen Geraden 
bestehen, namlich in Falle, dass alle Kreise von (C) in P die gleiche 
Tangente besitzen. Die isogonalen Trajektorien von (C), die nach Vor- 
aussetzung Kreise sind, gehen bei der Inversion gleichfalls in Kreise oder 
Geraden iiber; z.B. die m-Trajektorien in Kreise oder Geraden, welche 
die Gerade (/) unter dem konstanten Winkel p schneiden. Die isogonalen 
Trajektorien eines Strahlenbiischels, dessen Scheitel im Endlichem liegt, 
sind aber keine Kreise oder Geraden (mit Ausnahme der orthogonalen 
Trajektorien), sondern Spiralen. 

Die Kreise von (C) miissen folglich bei der Inversion in eine Schar 
paralleler Geraden iibergehen (deren isogonale Trajektorien tatsachlich 
Geraden sind) sodass der Biischel (C) nur einen Grundpunkt P und dort 
eine feste Tangente hat. 

Die Antwort auf die gestellte Frage lautet also: ist die Bewegung von 
IT,, in Bezug auf [ly so bestimmt, dass von jeder Lage aus unendlich 
viele endliche Drehungen médglich sind, dann bilden die Leitkurven (C) 
einen Kreisbiischel mit einem einzigen Grundpunkte und einer festen 
Tangente. 


Mathematics. — Ueber den kleinsten Wert einiger quadratischer Formen. 
III. Von J. G. VAN DER CorpuT und J. POPKEN '), 


(Communicated at the meeting of September 26, 1931.) 


Bekanntlich hat CAUCHY bewiesen ”) 


1 1 
yy oS ae yy = Xp wy I im te aX, x) 
_ t=s<r=n : (79) 
ee irs (y- A. Xs) 
1 1 le=t=n 
Fol EE Sma ee eS s=—71 
unter der Voraussetzung natiirlich, dass keine der Zahlen x,, x,..., ey 
im System yj, y2,...,Yn vorkommt. J. G. VAN DER CORPUT hat dieses 


Ergebnis verallgemeinert 7). Das Ziel dieser Mitteilung ist das Cauchysche 
Resultat und die genannten Verallgemeinerungen anzuwenden zur Be- 
stimmung des Minimumwertes einiger quadratischer Formen. 

In dieser Mitteilung bezeichnen y;, y2,...,Ym stets reelle Zahlen. 


Hilfssatz 9. Sind die Zahlen 2y, +a(r=1,2,...,m) alle positiv 
oder alle negativ, sind y,,...,Ym—1 untereinander verschieden und wird 
| 1 1 

ytyte yn tyn+e 


1 1 
Ynatyy ta yn tyn ta 


gesetzt, dann ist 


D, jo iy 
me = Nike |) ee aaa Lae =e eels 771) en (OU) 
pee se i ae rs) (n m) (80) 


und ausserdem 
Dye Om orem ta i, oO Were 1 23. ttt 1), Oe, (81) 
ie nachdem die Zahlen 2y, + a(r—1,2,..., m) positiv oder negativ sind. 


Beweis. Aus den Voraussetzungen folgt sofort, dass keine der Zahlen 
—y,;—4,...,—yn —a (n=1,2,...,m) im System yj, y2,...,Yn vor- 


2) Vergl. etwa O.e.d. S. 23. 
4) O.e.d, $4, Se 23—38. 
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kommt, sodass nach der Cauchyschen Behauptung, mit x,=—y, —a 
(s=1,2,...,n) angewendet, 


II (Yeas) 4 
1 =sa7r=7 


WY (y.+y. +4) 
1S 
s—=n 


Dis (nad 22a en) 


1= 


ist. Mit Riicksicht auf D) = 1 folgt hieraus 


D =e 
Meads S57 “4 
Dies ai) (n = Pe Zs oo m), 


n—1 


(2y, 2 a) IT (ya + y- +)? 


t= 
womit (80) bewiesen ist. 
Aus (80) folgt, dass 
D, 
Dz 


> (oder 200 lala eae m—1) 


ist, je nachdem die Zahlen 2y, +a (n=1,2,...,m) positiv oder negativ 
sind. Wegen D) =1 > 0 gelten folglich die Ungleichungen (81). 
Hilfssatz 9 ist hiermit bewiesen. 


Satz 19. Sind die Zahlen 2y, +a(r=—1,2,...,m) alle positiv oder 
alle negativ, dann ist 


me Ly u, Us u? mies Ym — Ur ) 
SS = Se oder eee eer Gee 
nat) sox ate ae ee 2Ym + O =i Unc Per tae 


je nachdem die Zahlen 2y, + a(r=1,2,..., m) positiv oder negativ sind. 


Bemerkung. Setzt man y, =r(r=1,2,...,m), so findet man 
mom m—1)!}? u? =0 fallsa>—2, 
ee {( oe i. = 
r=1s=10-+S-+-a — 


(2 m+a) IT (a+m+r/’?=0  fallsa << —2m, 


rf 
also insbesondere 


{(m—1)!}4 2 
s=1 f-+s—1 ~~ (2m—1) {(2 m—2)/}? = 


Ma 
M3 


r 


Beweis. Dieser Satz folgt sofort aus dem vorangehenden Hilfssatz, Satz 
1 und Satz 2!). 


Hilfssatz 10. Sind die Zahlen B und 2y,+a(r—1,2,...,m) alle 


1) Sind yj,..., ym—1 nicht untereinander verschieden, so wende man Stetigkeitsbetrach- 
tungen an. 
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positiv oder alle negativ, sind y,...,Ym—1 untereinander verschieden 
und wird 
1 1 
yitytat ? one witytat? 
[D524 ses | of Banyo ae ee eae a2, 4 m) 
1 1 
gchacke? | Sreueegerass 


gesetzt, dann ist 
lone 1 
; yityta ytyba 
D, ={1+B & (2y-+a)} : a PML es ; 


yatyita hy Yntynta 
1+f5(2y+0) | 
j 8 ee r=1 aed GS Pitcast a oy Sa 1 
Sea | eee) ),: (83) 


os n—1 
“Th (2yn tall +PE(2ye+a))™ 


und ausserdem 
Dee Omoders (— 1)" D0 | (m= 17 27... m—1),... . (84) 


je nachdem die Zahlen B und 2y, +a(r=—1,2,...,m) positiv oder 
negativ sind. 


Beweis. Nach den Voraussetzungen verschwinden die Zahlen 
ye ty, +a(r—1,2,...,m, s=1,2,...,m) nicht. Wendet man deshalb 
O.e.d., Satz 14, Anwendung II, Seite 32, zweite Zeile mitn—=1,2,..., m, 
= — ya 4 (s=— 15 2,...,7), A—f und B=0 ‘an, so folgt 


ist; folglich gilt 
D.=} 1+ £6 = y. +0), 


1 
ats 


Hiermit ist (82) bewiesen. 
Aus (82) und Formel (80) des vorigen Hilfssatzes folgt 


D,, 
D 


146 2 (y+) | i ( 


2 
Sa | IT 4 eee ==]; seers ’ 
2Yn +> @-r=1 3) (n = m) 


pe n—1 
“  1+8 S y +¢) Yn + Ye + 
sodass (83) hiermit bewiesen ist. 


1) Eine leere Summe wird stets gleich Null gesetzt. 
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Nach den Voraussetzungen sind die Zahlen 
Lf S (29426) ae es 
ra) 


positiv. Aus (82) und Formel (81) des vorigen Hilfssatzes folgt deshalb, 
dass die Ungleichungen (84) erfiillt sind. 
Hiermit ist Hilfssatz 10 bewiesen. 


Satz 20. Sind die Zahlen 6 und 2y, + a(r—1,2,...,m) alle positiv 


oder alle negativ, dann gilt 


= a e +y, +a ' 8) u, Us — Oder 
] ar p = (2y, + a) 


, "1 ie men Us 2 
a m—1 u, Gees ‘s 
mata s1+8 = (24. +a) r=1 \Ym+ yr +4 
je nachdem die Zahlen B und 2y,+a(r=1,2,...,m) positiv oder 
negativ sind. ; 


Vorbemerkung. Man beachie, dass, falls die Zahlen B und 2y, +a 


positiv sind, der Minimumwert von 
i 1 
Py PS | et | ie 


bei gegebenen m (m= 2), Un, y1, Y2..-, yn, a fiir grosses f nicht die 
Gréssenordnung von f hat, sondern beschrankt ist. Die Erklarung dieser 


Tatsache ist diese, dass fiir grosses f die beschrankten Zahlen uj, u,..., Bina 
: P ae is ie u? 
so gewahlt werden kénnen, dass Y ¥ u, u, die Gréssenordnung von —” hat. 


t=!t s=1 


Beweis. Dieser Satz folgt unmittelbar aus dem vorigen Hilfssatz, Satz 
1 und Satz 2'). 


Hilfssatz 11. Sind die Zahlen ay, y;, yr,..., Ym alle positiv oder alle 
negativ, und wird 


1 l 
——_—+ta +oe.—— +24 S 
y+ we 7 oe he 
Do = 1 Dae ey, ee pe 
enn ee neat 
| Yn + 1 hed awe +Yn Bao2 


gesetzt, dann ist 


1) Vergl. die Fussnote bei Satz 19. 


und ausserdem 
D,>0 oder (—1"D,>0 (n=1,2,...,m—1). . (86) 


je nachdem die Zahlen a, y,,..., yn positiv oder negativ sind. 


Beweis. Aus den Voraussetzungen folgt, dass keine einzige der Zahlen 
Ae ee ly Pe... mn, S=21,:2,. ++.) Null. ist, 

Nach O.e.d., Seite 37, erstes Beispiel mit n= 1,2,...,m; x,=— ys 
C= ear n), A=C=E=0, B=1 und D= —a folgt deshalb 


1 


p= {l1—aT (x, ‘ip gre—tl er Aaa en m), 
ar (x, y)} ) 
wo 
T (x, y)=49; — 403!) 
ist, mit 
Open (ieee ee Sey 
i eat) | 
und 


Folglich ist 


8a” ee 2aes,) 1 

Tet > —_—> ee al ey ee Wd 
? <3 (2 ¥.) 3 aan ye + Ys (n Bie 
Da die Zahlen a, y,,y2,...,Ym alle positiv oder alle negativ sind, 


hat man 


Aus (87) und Formel (81) von Hilfssatz 9 mit a0 folgt deshalb, 
dass die Ungleichungen (86) erfiillt sind. 

Nach (87) und Formel (80) von Hilfssatz 9 mit a0 folgt, mit 
Riicksicht auf D) = 1, 


Paster ota 2 
Ly 3 a 3 at 1 , Yn — Yr 2 
ete ee det ay ha, Py 
n—1 SNES ( 2%) eg te nm ro n r 
ty | oo 


womit (85), also Hilfssatz 11 bewiesen ist. 


1) Man vergl. in O.e.d. die Formeln (41), Seite 36. 
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Satz 21. Sind die Zahlen a, y;, yz,..., Ym alle positiv oder alle nega- 
tiv, dann ist 


m m ] 
ayes ay, Ys, )u, us — oder : 
Oh ee a uu } 
m 3 m 
3+80( 24, | — 2a J y? 
= et) rs 


= 2p (Ym Ue 
as perk! = a a ' 
Jip 3+ 8a ( 2 ue ) — 2a 2 y, 
je nachdem die Zahlen a, y,,..., Ym positiv oder negativ sind. 
Vorbemerkungen. 1. Warum der Minimumwert dieser Form, falls die 
Zahlen a, yj,..., Ym positiv sind, bei gegebenem m=2, und bei vorge- 
schriebenen yj,..., ym fiir grosses a nicht die Grdssenordnung von a zu 
haben braucht, sondern beschrankt sein kann, geht aus der Vorbemerkung 


von Satz 20 (mit s s Yr Ys Ur Us Statt s 2 u, us ) hervor. 


fries © = fee 
2.. Setzt’ man in@oatze. 214. = rar. Se ..,m), so findet man fiir 
jede natiirliche Zahl n 
5 y,=tnie+)) und 2 =tr (n + 1), 
—ai | 


also fiir jedes positive a 


ae 1 — 6m-+a m3 (m+1)?(2m?-+2m—1) ((m—I)I)* 
a aes r-+s tars Us Us = 194 24 (m—1)*m? (2m?—2m—1) ((2m—1) lye 

Beweis. Der obige Satz folgt unmittelbar aus dem vorigen Hilfssatz, 
Satz 1 und Satz 2), 


Hilfssatz 12. Sind die Zahlen — B und 2y, + a(r=1,2,...,m—1) 
alle positiv oder alle negativ, sind y,,...., Ym—1 untereinander ver- 
schieden und wird 


1 il 
yityitea + ig yitynta 
Dp = lo tc Dese tO  e eeed m — 1) 
opel 
yrtyita oat Ynta 
und 
leh gi! 
yityta "°° yytym—i1ta 
Ono | a1 en 
Ym—1+yita Yn—it mie 
B ce: B B 


1) Vergl. die Fussnote bei Satz 19. 
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gesetzt, dann ist 


5 =h— PE ye ta) Xa Fie ae rau (88) 


1 
1 
und ausserdem 

D,>0 oder (—1)?D,>0 Gp 1722: . 4m —1),- ..(89) 
je nachdem die Zahlen — ,2y, + a(r=1,2,...,m— 1) positiv oder 
negativ sind. 


Beweis. Im Spezialfall mit m= 1 ist der Hilfssatz evident. Falls m= 2 
ist, sind die Voraussetzungen von Hilfssatz 9 mit m—1 statt m erfiillt, 
folgt also (89) sofort aus (81). 

Weiter ist offenbar 

1 1 
—_——— —f.... ————_. —8 
yityite YT Yn 
CoS hoe ee Bek eee rst oh 
LU ye aaa ea 
Yn—A>tYyi ta ; Gott mio 

Da die Bedingungen von Hilfssatz 10 mit m—1 statt m und — f 
statt 8 erfiillt sind, folgt also aus (82) 

oo tals al yin oe 
ytyte yy tymita 


B 


m—1 
Dn=B)1—B & (2y, +2) 
pees WAP ee ee bs 
Veet ia eS Ye Ut 
hieraus folgt (88), sodass Hilfssatz 12 bewiesen ist. 


Satz 22. Sind die Zahlen — B und 2y, + a(r=1,2,...,m—1) alle 
positiv oder alle negativ, dann gilt 
+ 28 um (u, + a. +... + un—1) = oder 


m—1m—1 u, Us 


ee 
r=1 s=1 Yr + Ys +a 
m—1 
=—fw? & (2y.+4), 
rl 


je nachdem die Zahlen —fB und 2y, +a(r=—1,2,...,m— 1) positiv 
oder negativ sind. 


Beweis'). Nach den Voraussetzungen sind die Bedingungen des vorigen 
Hilfssatzes erfiillt, falls y,;,..., Yym—1 verschieden sind. Hieraus und aus 
Satz 1 und Satz 2 folgt, dass die Ungleichung 


m—1 m—1 
EE pte TP ttm Os + 2a +... + Qt s + tm) Z oder 
=\p_¢ Sy 


(uy, +0) us 


1 
1 
1) Vergl. die Fussnote bei Satz 19. 
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gilt, je nachdem die Zahlen — f und 2 y, + a(r=—1, 2,..., m—1) positiv 


oder negativ sind. 
Hieraus geht der zu beweisende Satz hervor. 


Hilfssatz 13, Kommt keine der Zahlen x,,x2,...,Xm—1 im System 


Y1, Yz.-+» Ym vor, dann ist 


; aks < 1 
Yyi— x 41 — Xn-1 
: ote } 1 
Ym — X| Ym — Xm-1 | 
ne ee: 
Yi_ x} ae) Y, — Xn 
(im —¥1) (Ym — 92) +++ (Um — Yn) 
1 1 (Ym —X) (Ym — X2) (fn: — Xm—t) 
Ym-1 —x," Ym-1—Xm-1 


(90) 


Beweis. Die in der linken Seite von (90) auftretende Determinante 


hat den Wert ') 


\ IT (ye — ys )e II (x, —x;)? 
(i == stom \Vl=scr=m—! \ 
UE (y: — Xs) 


IT (ye — ys) (xs — xe) 
__ (Ym = ys) --(Yn— Yn) 1 Ss<r=m—1 
(Sin) ° (Yai Xm—1) IT (42 — Xs) 
1=r=m—1 
1=s=m—1 
1 Pe: i 
Siar’ Y; — Xm-1 
— Ym = Yi)» (Ym—= Yas) | ; 
(Ym — X4) = + (Ym— Xm—1) | ; 
y 1 1 i (es 
Yn-1 — X,Y — Xt 


wegen (79), sodass Hilfssatz 13 bewiesen ist. 


Hilfssatz, 14. Ist ee; (¢ =1,..47438= 1... m), 40 hatwmene 


1) Vergl. O.e.d., Satz 18, S. 39. 
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Cities < wes. ¢ e1, m—1 Ci,m -+ p 
. . . . . &1 l 1 me 
€m—1,1 « + = 3 €m—1) m—1 Cnt IP 
Cm,1 + - + mm 
Culp aes Cameta Pp mm + 22 6" 
| (91) 
CHO tet Me Se Cima 1 
e1,1 Semen. i 1 
2B | - : 
a Pp nae €n—1,1 em—1, m—1 1 
Cat 2h es, Cm ni 1 
ee, oe eee 1 1 


Beweis. Die in der linken Seite der Behauptung vorkommende Deter- 
minante hat den Wert 


Cietwereis sis « os Nee iis EDEN eimicue, Oar Cini p 
Cm—l, ass «+ Cm—1, m—I em—1,m Crile) en's 3 e€m—1, m—1 B 
Cm1itp...emm—1 + B en.m + B eens = Peas Cm wet tp Bo P? 
| Ce toe ode tons C1 m | | Chl tieseves eres Cl. m—1 1 
Retr -€1,m | | 
= +f + - 
P €m—1,1+ + + ©m—1,m p Em —1, lessees e&m—1, m—1 1 
Cm,1+-+++ Emm 
| Re aR cA 1 en 1 2 vee Om, m—1 +8 lp 
| E}\ Leecvese C1,m | 
€1,1 «++ C1,m | : 
= +8 * 


Em, 1+++ Om, m 


Cm,1 + + « Om, m—1 1 


Riomaak : 1 1 


sodass wegen e,;—e.,(r—1,...,m, s—1,...,m) die Behauptung be- 
wiesen ist. 


Hilfssatz 15. Sind die Zahlen —f und 2y, + a(r=1,2,...,m) alle 
positiv oder alle negativ, sind y,,...,Ym-—1 untereinander verschieden 
und wird 

1 dead 
Were ¢. Cai yar O 
(PR) SS 
_ te ee eee 
Yn tyr ta "yx t yn ta 
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und 
mererierere ss ypc 
a 0 
Yat yy Fa yma tomate Yet + Ym a 
ESTE ARoe EES eh ee 


gesetzt, dann ist 


m—1 Salas 2 m—1 —_ 
see i ( Ym ra) te Eve Lo 


Dis, o2yens Yn oer e t=! Unb ¥- 4 
m—1 (92) 
+P LIA" @y, +4) | 
und ausserdem 
D,>0 oder (—1)?D,>0 (n=1,2,...,.m—l),. . (93) 


je nachdem die Zahlen —B und 2y, +a(r=1,2,...,m—1) positiv 
oder negativ sind. 


Beweis. Da (93) unmittelbar aus (89) folgt, brauchen wir nur (92) zu 
beweisen. 

Im Spezialfall mit m=1 ist (92) evident, sodass m=2 angenommen 
werden darf. 

Wir wenden nun Hilfssatz 14 mit 


1 


Cn yah a ite io cee 


an, sodass in der Tat e,,— es, ist. Dann ist D, gleich der linken Seite 
der Behauptung von Hilfssatz 14, sodass 


Cyl s006 @ €1,m—1 1 
Cit etere Clim O11 - +2 C1, m—1 1 aus 4 

D —j]. . . . . . . . . U . 2 (94) 
m = 2B a B Cr—i1 <3 Cm—1) m—1 1 
Cm,1++++ Cm m Cnmioess Emma I 1 1 1 


ist. Da die Zahlen 2 y,+a (r=1,2,..., m) alle positiv oder alle negativ 
sind, gilt nach Formel (80) von Hilfssatz 9 


C1,1+++ Ci,m 


1 1 m—1 Ves deans : 
MP ies aes ee ye Ee 
Dn 2m Fa eat Ge te) (95) 


Cm,1+ «+m m 
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Aus Formel (90) von Hilfssatz 13, mit x, —=— y, —a(s=1,2,..., m—1) 
angewendet, ergibt sich 


ey it. Crm Ll 


1 a; ec it 
Dey i 1 Ym y: +a’ ( ) 


Om,1++ +m, m—1 1 


und schliesslich geht aus (88) von ‘Hilfssatz 12 (mit 1 statt 8) hervor, dass 


| e1.1 oe el), m—tI 1 


=1-S y+ ares 97) 


ist. 


Aus (94), (95), (96) und (97) folgt die Behauptung. 


Satz 23. Sind die Zahlen —f und Aye +a (r= ieee in) alle 


positiv oder alle negativ, und wird 


at Un ier a 
gesetzt, dann ist 
mom Ws 
ere eg OPE ian epee) 
= Oder ee ie +2pP—p?s Ey. +4) fut, 


je nachdem die Zahlen —f und 2y, + a(r=—1,2,...,m) positiv oder 
negativ sind. 


Beweis'). Bezeichnet K die rechte Seite in (92), so folgt aus dem 
vorigen Hilfssatz mit Riicksicht auf Satz 1 und 2, dass 


mom U; Us 
ee es 
Pa) sa-) Yer Ye Se a 


ist, je nachdem die Zahlen —f und 2y, +a (r=1,2,...,m) positiv 
oder negativ sind; hieraus folgt Satz 23. 


+28 tim(t:+...-Um) + 6? u2 = oder =Ku? 


Hilfssatz 16. Man hat 


1 1 
ytye pa hte me +y,+a He eae eA 
aa as eae etn ey gs PY oA é 
2 RS OSES We Cae Sane Bed CS Fe 


1) Vergl. die Fussnote bei Satz 19. 
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wo links und rechts Determinanten n** Ordnung gemeint werden, und wo 
w= SF fyt—(-y.—al} (h=1,2,3) . . . (99) 
od 


gesetzt ist. 


Beweis. Setzt man in O.e.d., Satz 15, (Seite 33) k=2,u, (x) =1, 


uz (x) =x, v, (yy =f — ayy und v2 (y)=—yy, so erhadlt man 
| I vy _—_— VY 
ae ee ayYr —Y¥Xs Yr | = 
ae GA? “ean 
=| 1 fee C2 ee Gee 2) 
be Je Xs ie T (uz, 0)) T (uz, v2)-++1 


Hierin ist der Definition gemass 


T (u,0,)=6 T (1, 1)—ay T (1, y), 


T (u,, v)) =— y T(1, 9), 
LT (t,.01) = BT (x1) — ey T(x, 9), 
T (u,v 2) ay Psy), 


also 
[Piav)tt F(a.) |_ jl +8 Fl, )—ayT(1.y) Bie: 
T (uz) T(u%)+1) | BT(,1)—ayT(x,y) 1—r7T(x,y) 
bee 7) —rT (ly) | 

—at pT (x,1) 1—yT (x,y) 


Nach den Formeln (41) aus O.e.d. (Seite 36) ist diese Determinante 
gleich 


= 2 (02+ 07) 


—ath(o—0) 1—L(0,—03 


1 + fo, 


= 1+-fo,—+ 0,50, — 0 PY pel et ott otek em 


gesetzt ist. 


Nach (100) gilt also 


1 
de ap ee Ye 73 So — 54 
8 P (102) 
es oe eas + ho Stare 
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Setzt man jetzt x,=—y, —a(s=1,2,...,n), so geht (101) in (99) 
iiber, und dann verwandelt (102) sich in (98). 
Hilfssatz 16 ist somit bewiesen. 


Hilfssatz 17. Sind die Zahlen B und 2y, + a(r=—1,2,...,m—1) 


alle positiv oder alle negativ, sind y,,..., Ym—1 untereinander verschieden 
und wird 
+6 +8 
ytyitea i Yyit Yn +a 
UBS 1 004 2 eae a a eee clin 152, : 2), m—~t1), 
oe ee ee 
Joti +e a We Une tk 
— +5 ae +f 
Yea 8 i a Dent ae 
ioe ey, ae 
Ym-1 + yy i a i "m1 + Yomi “+ a geen 
yy tee Y Ym-1 i 
und 
m—1 
O,= J {yt —(—y, —a)*} fee Sine ees: (103) 
rt! 
gesetzt, dann ist 
Be Ss , 646, + 40; -+ 6a0i— 3f 05+ 4.0, 06, —40} — fof 
Pepe 7 12 (1 +f 4) rand 


und ausserdem 
D,>0O oder (~—1)/D,>0 bias bal daae pute eee 1), (105) 


je nachdem die Zahlen f und 2y, + a(r—1,2,...,m—1) positiv oder 
negativ sind. 


Beweis. Im Spezialfall mit m—1 sind die Behauptungen klar. Falls 
m =2 ist, sind die Bedingungen von Hilfssatz 10 mit m—1 statt m 
erfiillt, sodass wegen (84) die Beziehungen (105) gelten. Nach der Defi- 
nition von D,, ist 


1 | 
peae I Pye at fT 
pe iL ba by Tianee dae 6 f, 


I 1 
Parr oR te PY Yai Yeas sag arom +B—y Ym—1Ym—i 
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also nach dem vorigen Hilfssatz, mit n—=m—1J1 und mit —y statt y 
angewendet, 


=n) ! ya My ay" 
(Bie as y- ty. +a (1 Bo, Te as ae we RR 
2 B B » (106) 
ta 4 Haya Ba) 
) eo - i eine Determinante (m—1)" Ordnung bezeichnet, und 


6;, 6, 6; durch (103) definiert sind. 
Nach Formel (82) von Hilfssatz 10, mit n—=m—1 angewendet, ist 

aber 

1 


eer P =) oo erator 


= (1 + fo,) y 


Mit Riicksicht auf (106) folgt hieraus (104), womit der zu beweisende 
Hilfssatz bewiesen ist, 


Satz 24. Sind die Zahlen B und 2y, + a(r=1,2,...,m—1) alle 


positiv oder alle negativ, und wird 
m—1 
qs ty'—(—y- et (rei) 
i | 
gesetzt, dann ist 


S = (fae ora is p) u, Us + 27 Um (yu, + Y2U2+... + Ym—1 Unt) 
6a0, + 403+ 6a07 — 3 Bo? + 4 fo, 0, — 40° — Bot s 
12 (1 + Bo) ae 
je nachdem die Zahlen 6 und 2y, + a(r=1,2,...,m—1) positiv oder 
negativ sind. 


= oder =y’. 


Beweis'). Nach dem vorigen Hilfssatz, Satz 1 und Satz 2 gilt die 
Ungleichung 


m—1 m—1 | ; 
s = Gere Us + YUm(2y, uy +... +2 Yi Um—1 + Um) 


r=] 
6 ao, + 403 + 6 ao? — 3 fot + 4 Bo, 0;— 40) — por : 
12 (1 + Bo) Um? 
je nachdem die Zahlen § und 2y, + a(r—1, 2,...,m—1) positiv oder 
negativ sind. Hieraus geht der zu beweisende Satz unmittelbar hervor. 


= oder = byte 


1) Vergl. die Fussnote bei Satz 19. 


Physics. — Die Multiplettaufspaltung bei Koppelung zweier Vektoren. 
Von H. A. KRAMERS. 


(Communicated at the meeting of September 26, 1931.) 


In der Atomtheorie begegnet man oft dem Fall, dass ein freies Atom oder 
Atomsystem betrachtet werden kann als eine Zusammensetzung zweier 
oder mehrerer ,,Vektorgeriiste’, die je fiir sich durch eine Quantenzahl 
des totalen Drehimpulses gekennzeichnet sind und deren gegenseitige 
Orientierung in erster Naherung keinen Einfluss auf die Energie der 
stationaren Zustande hat. Im vollstandigen Energieausdruck des ganzen 
Systems treten aber kleine Wechselwirkungsterme auf, die jeweils von den 
Bestimmungsstiicken eines Paares von Vektoren (in nicht bloss additiver 
Weise) abhangig sind und die also eine energetische Koppelung der 
beziiglichen Vektoren bedeuten. Als Folge dieser Koppelung spaltet jeder 
Zustand, der gewissen Impulsquantenzahlen der Vektoren entspricht, in 
ein Multiplett auf. ; 

Wir beschranken uns auf die Koppelung zweier Vektoren. Ihre Impuls- 
gquantenzahlen seien in Analogie zur Bezeichnungsweise der Russell- 
Saunderschen Koppelung bzw. mit / und s bezeichnet, ohne dass wir 
jedoch damit irgend etwas iiber die physikalische Bedeutung der zwei 
Vektoren aussagen wollen. Jeder Multiplettzustand ist durch die Quan- 
tenzahl j des resultierenden Drehimpulses eindeutig definiert; es gilt: 


RRS al SY SE EE ST ee ee Ce 8 | 
In der anschaulichen Vorstellung der zwei Vektoren wird die Koppe- 
lungsenergie, insofern sie sich auf die gegenseitige Orientierung von 


> > 

1 und s bezieht, nur eine Funktion des Winkels zwischen diesen Vek- 
toren sein kénnen. Wir denken uns diese Funktion nach Legendreschen 
Kugelfunktionen entwickelt : 


oo oo 29 — 
2= 3 0.= $e, P, (cos #) = c9+ ¢, cos d+ ey > : L., 
0 0 
. (2) 
P, (x)= (2) (2-1) 
7) = 971 \ dx 
Aus dem Vektormodell entnimmt man sofort: 
_P+s*?—/? 
—costd = aT Ps tee Ry Pe eT Oo) 
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Einsetzen von (3) in (2) ergibt die ,,klassische Formel’’ fiir die Multi- 
plettaufspaltung. Das Glied 2p entspricht nur einer Verschiebung des 
Energieniveaus. Das Glied QQ, entspricht dem sogenannten Cosinusgesetz 
der Koppelung, das in vielen Fallen die tatsachlichen Verhaltnisse sehr 
gut wiedergibt. Bekanntlich ist die genaue quantenmechanische Formel 
fiir die Wechselwirkung in diesem Fall durch: 


2 =Ciil+I)+s(s+tI)—-jGt i. . - . - 3) 


gegeben, wo C von j nicht abhangt. 

Der Zweck dieser Arbeit ist erstens der Nachweis, dass in der Quanten- 
mechanik der allgemeine Ausdruck fiir die Wechselwirkungsenergie eine 
enge Analogie mit der klassischen Formel (2) aufweist, und zweitens die 
Ableitung der allgemeinen quantenmechanischen Aufspaltungsformel fiir 
ein enges Multiplett. In den Anwendungen besteht neben der hier in Rede 
stehenden Orientierungskoppelung oft eine Resonanzkoppelung, die seinen 
Grund hat in der Aequivalenz von Teilchen, die am Aufbau der zwei 
Geriiste teilnechmen. Wir beschaftigen uns hier nur mit dem Fall wo diese 
letztere Art der Koppelung entweder abwesend ist oder klein ist verglichen 
mit der ersteren. j 

Die Wechselwirkungsterme im Energieoperator des Systems diirfen wir 
uns vorgelegt denken in der Form: 


Qs J ad, oa ee eee eee 


Hier bedeuten 2,, bzw. o,, Funktionen, welche nur abhangig sind von 
Bestimmungsstiicken, die sich ausschliesslich auf das [-Vektorgeriist, bzw. 
auf das s-Geriist beziehen, und zwar so, dass die 4 und o bei einer willkiir- 
lichen Raumdrehung nicht invariant sind, sondern sich nach irgend einem 
Gesetz linear transformieren. Die Koeffizienten a diirfen dagegen in 
irgendwelcher Verbindung drehungsinvariante Bestimmungsstiicke der 
beiden Geriiste enthalten. In den praktisch vorkommenden Fallen ist 2 
entweder sofort in der Form (5) gegeben (z.b. bei der Russell-Saunder- 
schen Koppelung1)) oder 2 enthalt noch die negativen ersten Potenzen 
von Abstanden zwischen Teilchenpaaren bei denen das eine Teilchen dem 
[-Geriist, das andere dem s-Geriist angehért. Die bekannte Entwicklung : 


1 
(02 4 22 -- 2 r, £2 cosa) = ea = @ Py{cosa) . . “. 6) 


Voge 


WO Tyr, bzw. ti, den grésseren, bzw. den kleineren von den Werten ry 
und ry (den Abstanden der Teilchen zum Schwerpunkt des Systems) 
bezeichnen, liefert aber offenbar sofort Terme des Typus (5). 


1) Vgl. ins Besondere die Ausfiithrungen von HEISENBERG (Zs. fiir Physik, 39, 514, 
1926) iiber die Russell-Saundersche Koppelung in einem Atom mit zwei Elektronen. 
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Ein vorgelegtes 2,, wir wollen es 4!) nennen, nimmt in Bezug auf ein 
willkiirlich gedrehtes Koordinatensystem K’ die Form 


g 
AQ) —s Ds Yp J’) 
pea 


an, wo z.b. 4) in Bezug auf K’ dieselbe Grésse ist wie 4") in Bezug auf 
das urspriingliche Koordinatensystem K. Zu 2! gesellen sich also noch 
g—1 andere Bestimmungsstiicke i'?)(p—=2,...g) des I-Geriistes; alle 
je) zusammen transformieren sich in einer Weise, die eine Darstellung 
der Raumdrehungsgruppe vom Grade g bildet. Wenn diese Darstellung 
irreduzibel ist wollen wir kurz sagen: des vorgelegte A) transformiert 
sich irreduzibel. Im entgegengesetzten Fall kann man immer die Transfor- 
mation ausreduzieren mit dem Resultate, dass jedes A'?) in eine endliche 
Summe > ip) zerlegt wird, derart, dass die ip) sich irreduzibel trans- 


formieren. Es ist daher immer mdglich die Reihe (5) so zu schreiben, 
dass jedes 4, und auch jedes o, sich irreduzibel transformiert. 

Da die Reihe (5) selber drehungsinvariant ist (wir haben ja mit einem 
freien Atomsystem zu tun), kann sie zerlegt werden in Stiicke derart, 
das in jedem Stiick die vorkommenden / und o sich irreduzibel vom selben 
Grad g transformieren 1). Wir schreiben das so: 


eee eT eemanioees ancl fied! (7) 
g=1 
Tg = 3.8) OG), a ee nt ae ee (8) 


wobei wir einfachheitshalber in der letzten Summe den Summationsindex 
fortgelassen haben. In der Quantentheorie sind die Bestimmungsstiicke 
eines Atomsystems ihrer Bedeutung nach eindeutig definiert ; sowohl die 
Bestimmungsstiicke der Elektronenspins (ihre Drehimpulskomponenten) 
wie die gewdhnlichen Koordinaten und Impulskomponenten haben diese 
Eigenschaft. Dass man sie als Operatoren auffasst andert nichts daran. 
Hieraus folgt aber, dass in der Reihe (7) nur ungerade Werte von g 
auftreten2). Setzen wir g = 21+ 1 und T, =, so nimmt (7) die 
Form an: 


aE eae ee eb) 


0 


Diese Reihe ist das genaue quantenmechanische Gegenstiick des klas- 
sischen Ausdrucks (2) fiir die Wechselwirkung. Wir werden beweisen dass 


') Bekanntlich kann Ea/,) 0,1) fir g = g’ niemals invariant sein. 
2) Fir gerades g sind die transformierenden Gréssen ja nur bis auf einen Faktor + 1 
definiert. 
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jeder Term in (9) zur energetischen Aufspaltung des Multipletts einen 
Beitrag liefert, der bis auf einen numerischen Faktor C, eine ganz be- 
stimmte Funktion Q, von l, s j und 1 ist. Fiir geniigend grosse Werte von 
lL, s und j wird diese Funktion annaherend, d.h. bis auf Terme der relativen 
Gréssenordnung![—', s—! und j~, eben (bis auf einen Zahlenfaktor) durch 
das Legendresche Polynom P, (cos #) dargestellt, genau sowie man es 
auf Grund des Korrespondenzprinzips erwarten sollte. Im besondern ist 
Q, durch den zweiten Faktor rechts in (4) gegeben. 

Zur Behandlung dieses Problems werden wir die symbolische Darstel- 
lungsmethode heranziehen, welche wir in einer fritheren Arbeit benutzt 
haben 1). Diese Methode bestand darin, dass eine Reihe von g=21-+ 1 
Gréssen Gy, die sich bei Raumdrehungen irreduzibel untereinander trans- 
formieren, in der einzigen Formel 


= (7 RO er Gr =(— Et an” 
zusammengefasst werden kénnen. Die Gy kénnen immer so gewahlt wer- 
den, dass sie sich wie &*+f »*-f transformieren, wenn & und y sich unitar, 
d.h. wie die Komponenten eines Halbvektors, transformieren. Dabei sind 
a und b die Komponenten eines willkiirlich gewahlten, konstanten Halb- 
vektors. 

Mittels dieser Bezeichnungsweise gelangt man sofort zu einer symbo- 
lischen Darstellung des durch (8) gegebenen Wechselwirkungsgliedes 
Q,, wenn man bemerkt, dass die einzigen Simultaninvarianten, die aus 
zwei Halbvektoren x;, y, und xg, yo aufgebaut werden kénnen, von der 
Form (— yx, -+ x;y)" sind (n—positive ganze Zahl). Damit ein will- 
kiirlich herausgegriffener Term in (8) mit anderen Termen dieser Art ein 
drehungsinvarianter Ausdruck bildet, miissen diese Terme zusammen also 
notwendigerweise in der Form: 


Or==(— 2% + 4291) 2 a ee 


darstellbar sein (g—=-21-+ 1). Die in Rede stehenden 1.) sind dabei etwa 
symbolisch mit xj+f yi-f, die o,) mit x>*f y5-f bezeichnet. Das ganze 
Wechselwirkunsglied T, wird im allgemeinen durch eine Summe von 
symbolischen Ausdriicken der Form (10) wiedergegeben; fiir die allge- 
meine Multiplettaufspaltung bringt dieser Umstand aber — wie wir sehen 
werden — keine Komplikationen mit sich. 

Es sei jetzt ®,, , eine Wellenfunktion des ungestérten Systems (d.h. sie 
erfiillt die Schrédingergleichung unter Vernachlassigung der Wechselwir- 
kungsterme), die einem wohldefinierten totalen Drehimpuls (mit Quan- 


1) H. A. KRAMERS, Zur Ableitung der quantenmechanischen Intensitaétsformeln. Proc. 
Amst. Acad. 33, 953—958, 1930. 
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tenzahl j) entspricht. Es gibt insgesamt 2j-+ 1 solche Wellenfunktionen ; 
symbolisch fasst man sie zusammen in der Formel 1): 


gee “Olt ad, bys. Se (IY) 
P=—mépt fo, , a=l+s—j : 
OS eer any bee ls p oe 2) 2 .\.-(12) 


R-—— 684-4 7), ev 7s.) 

In (11) stellen die Monome &+™ y'—m die 21+ 1 Wellenfunktionen 
des [-Geriistes dar; analog sind die Monome bse Wellenfunk- 
tionen des s-Geriistes. Alle diese Funktionen sind definiert in Bezug auf 
ein Koordinatensystem mit bestimmter Orientierung. Wiederum ist a, b 
ein konstanter Halbvektor, und die Wellenfunktionen des Gesamtsystems, 
die einem gegebenen Drehimpulsquantenzahl j entsprechen, sind die Koef- 
fizienten von a/+™ b/-™ in (11). Der Ausdruck (11) ist invariant gegen- 
- iiber Drehungen des Koordinatensystems. 

Die Energieaufspaltung E,, welche (10) verursacht, ist nun gemass 
den Prinzipien der Quantenmechanik gegeben durch: 


E, | Pi uy = | et ero nnon aie 1) (4°39 


7. 


wo | Integration und Summation bedeutet iiber alle Raum- und Spinkoor- 


dinaten,von denen die ® abhangen. Die in den ® auftretenden Kompo- 
nenten eines Halbvektors a, b-erscheinen in beiden Integralen nach ihrer 
Auswertung nur in der Form eines Faktors (a*a-+ b*b)¥%, sodass EF, 
nicht von a, b abhangt. In (13) ist w; ein Operator welcher auf die 
Funktionen wirkt aus denen @,,; gemass (11) und (12) zusammengesetzt 
ist; dabei ist w, selber gemass (10) aus Operatoren aufgebaut, die sich 
entweder nur auf die Koordinaten des /-Geriistes oder nur auf die des 
s-Geriistes beziehen. 

Das wesentliche an der ganzen folgenden Rechnung wird nun darin 
bestehen dass die Werte der in (13) auftretenden Integrale in ihrer 
Abhangigkeit von j bis auf einen numerischen Faktor vollkommen bestimmt 
sind und also unabhangig von der speziellen Form welche die in (10) 
auftretenden Operatoren besitzen: In einem speziellen Fall wurde dieser 
Satz schon friiher vom Verfasser bewiesen 2). Ihre Richtigkeit erhellt aus 
der Uberlegung dass, nach ausschreiben aller Terme in (13), jeder Term 
sich als das Produkt zweier Integrale vom Typus: 


Cf ees aims atm ym aim nm... (4 
a 
cf ee Pie ‘ eel! y, . eae pe et is . - (145) 


1) Vgl. H. A. KRAMERS, loc. cit. S. 955. 
2) H. A. KRAMERS, Zs. fiir Phys. 53, 429, 1929. 
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darstellen lasst, wo das erste Integral sich nur auf die Koordinaten des 
l-Geriistes, das zweite nur auf die des s-Geriistes beziehen; nur der Fak- 
tor C hangt noch von j ab. Beide Integrale sind aber wegen der Irreduzi- 
bilitat der Transformationen, welche die jeweils auftretenden Faktoren 
bei einer Raumdrehung erleiden, bis auf einen numerischen Faktor als 
Funktionen von den m vollkommen bestimmt. So erhalt man z.B. alle Inte- 
grale des Typus (14)a aus der einzigen Formel!) : 


[rr Ea? 9) (— Bx, + Ays)* (— 68; + an)? — | 


(15) 
= const. (a" a+ b* b)*'-* (a® A + b* BY (—bA+eaB)’, \ 


dessen Richtigkeit sofort erhellt aus der Invarianz des Integrationsresul- 
tats. In der S. 968 zitierten Arbeit wurde das Integral auf der linken Seite 
von (13) explizite berechnet; im folgenden werden wir davon jedoch 
keinen Gebrauch machen. 

Zur Auswertung von (13) ist es jetzt erlaubt fiir die Operatoren 
x, +" yj, spezielle Ausdriicke zu wahlen, die sich in derselben Weise 
transformieren und die iibrigens nur der Bedingung geniigen sollen, dass 
das Resultat der Integration in (13) nicht identisch gleich Null wird. Der 
Weg zur Aufstellung von geeignetem Ausdriicken wurde in der S. 4 zitier- 
ten Arbeit schon angegeben; man ersetze die x,t” yy durch Operatoren 
on ee ee a multiplikativ und additiv 
zusammengesetzt sind. Ein allgemeines Gere zur Konstruktion solcher 
Operatoren ist die Formel: 


die aus den einfachen Operatoren & 


T+ 
(“Ba + Ay P= (— Bi +An)*(A ge +B). (16) 


Beide Seiten der Gleichung (16) sind drehungsinvariant. Durch Ver- 
gleich der Terme rechts und links, welche dieselbe Potenzen von A und B 
enthalten, sind die x*+” y*—” eindeutig definiert. Bemerken wir, dass die 
Reihenfolge der 27 Faktoren rechts in (16) willkiirlich ist, da ja gilt: 


0 pie 


(17) 


SS 0 rh ee 
=(A gy +B ay JOBE FAM) 


Schreibt man den Operator fiir x7*” y=—* aus, so ist jeder Term homo- 
gen vom Grade t—o in &, und 9, und homogen vom Grade t+ 9 in 


und ih 


On, 
“Vg Vgl. die die auf S. 968 zitierte Arbeit, Formel (2), Seite 954. 


0é, 
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Fiir unseren Zweck haben wir speziell e—0O zu wahlen, weil sonst die 
Integrale (14) identisch verschwinden wiirden. In der Tat muss der Inte- 
grand in (14)a, nachdem man w, hat wirken lassen, in §, und 7, homogen 
vom selben Grade sein wie in §,* und 7,*, damit die Integration nicht 0 
liefert 1) ; dazu muss aber @ in (16) gleich Null gewahlt werden. Also: 


| , : 
(— Bx; + Ays)*=(— Be, + An)? (A a -) | 
18) 


0 Oa\", 
20 —— T ae 
(— Bx, + Ay,)** = (— Bé, + An,) (A dg; +B = 


Es handelt sich nun darum mittels (18) den Operator (10) auszu- 
0. oO 
>, <r» x— (k=1,2). Da (10 i 
Reels 0g, ae ) a (10) seiner 
Bedeutung nach drehungsinvariant ist, wird man sie aufgebaut denken 
kénnen aus den Grundinvarianten, welche sich mittels dieser 8 Operatoren 
konstruieren lassen. Diese Invarianten sind die folgenden sechs: 


driicken in 8 Operatoren: & 


0 0 0 0 
[1j—é, ag, + ane Oe Err fan . DHF ab Sn, | 
0 2 0 ?) 
te Se 
iZl==t dé, se 2 0n2 ’ [4] aie 07208; i 0&5 07, , [6]=&, 0é; T 12a,, \ 


Zwischen ihnen besteht eine quadratische Relation: 


[1] .[2]—(3].[4]—[5].(6=[1] . . . . . (20) 


Weiter bestehen gewisse Vertauschungsrelationen unter ihnen, deren 
Form uns jetzt nicht interessiert. 

Betrachtung von (18) und (10) lehrt uns zundchst, dass die Terme im 
gesuchten Operator héchstens vom Grade 27 in [1] bis [6] sind und 
weiter dass jeder Term vom Grade 21 den Faktor [2] genau so viel Male 
enthalten muss wie [1], [4] genau so oft wie [3] und [6] genau so oft 
wie [5]. Diese Terme vom Grade 21 bilden also ein homogenes Polynom 
in den Ausdriicken [1]. [2], [3] . [4] und [5]. [6] und zwar vom Grade 
t. Wegen (20) kann einer dieser drei Ausdriicke eliminiert werden und es 
empfehlt sich speziell [5].[6] zu eliminieren. Die in Rede stehenden 
Terme in w, kann man sodann schreiben: 


die i BPP OFORrO+ . . . .. (21) 


Die nicht hingeschriebenen Terme sind von niedrigem Grade in den 
Invarianten (19). Um diese zu bestimmen geniigt die Uberlegung, dass 


1) Vgl. die auf S. 968 zitierte Arbeit, Formel (1), S. 954. 
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wenn der Operator (10) so angeschrieben wird, dass in jedem Term die 

Faktoren , vor den . und die Faktoren 7, vor den = stehen, nur Terme 
k k 

vom Grade 41 vorkommen diirfen. Durch eine geringfiigige Anderung in 

(21) kénnen wir dies sofort erreichen. Schreiben wir die Faktoren die in 

einem Term von (21) vorkommen in der Reihenfolge: 


(3) [1 [27 (4). 


so ist der einzige Grund dafiir, dass bei Ausmultiplikation Terme von 


niedrigerm Grade als 47 in den é, 4, fe oe erscheinen, das Auftreten der 


On 
sukzessiven Faktoren [1] und [2]. Es gilt ja: 


0 0 0 0 
aheefee oes inn Ea —\=T 
[1] =(5 IE, +n fl (4 oF +m = erme 4. Grades + 


0 0 
(5 a ak ny sa 


Die zwei Terme vom zweiten Grade verschwinden aber, wenn wir 
anstatt [1]2 den Ausdruck ([1]—1).[1] schreiben. Ebenso entgeht man 
Terme von niedrigerém Grade als den sechsten wenn man anstatt [1] 
den Ausdruck ([1]—2) .([1]—1).[1] schreibt, u.s.w. 

Als Schlussresultat erhalten wir: 

o: =k [3P {0 ]J—e-a-¥} §{[2] +44 Yj {1-1-4442} {114-442}... 
HIP. . (22) 
fiir die Darstellung unseres Operators, und es eriibrigt sich nur noch die 
Koeffizienten k, zu bestimmen. Dazu wollen wir in (18) die zwei Gréssen: 
BOs 1! 
On, 9, 
u.a. das rechte Glied von (20) gleich 0 stellen darf; auf die Terme vom 
Grade 47 in &5%,, a ? - wird dies keinen stérenden Einfluss haben. 
k k 
Fiir (10) kénnen wir mit Hilfe von (18) sodann schreiben, indem wir 
unter {Tf*} P(f) den Koeffizienten des Termes mit f* in einem Polynom 
in f verstehen: 


formal als einen gewéhnlichen Halbvektor behandeln, sodass man 


0 0\7 
(— 92 41 + 2 M1)” = (— 9 + X24)" & Og, + y2 a 


Ge Tf | E (n-+f5e) na er n| 


|| 
—— 
a 
= 
| 
ee 
> 
aa 
So 
ae 
Se 
a 
--- 
a 
AL 
| 
vie 
S\o 
SS 
3 
wN 
J 
———4 
—s* 
Ai 
| 
er 
3s) Oo 
3, male 
| 
N 


973 


> @) Ree (ec al £16] )° (15) = £[4)° 


=[vgl. (21) u. (20)... 5 ks (3 C4P ((5] [6] + 3) 4) 


Setzen wir formal : 
[3]=[4])=[5]=1, [6]=x 


so haben wir: 


Car(2) reid ter d= 2h tay 


Einsetzen von 1 + x= y gibt: 


Thay =E1y ok Tf \(fy +0 —fly (lor 


A 


aer(y(DCt 
beter (ey Cala): ee 203) 


Im besondern ist : 


= (7) 29 ({ ire iecoye= 


Es gilt also: 


Fhe=—N oy (g) ww... es 


Einsetzen von 1—2u=v gibt: 


a (3°) =a (ge) O-r=Cr (7) Pe. (25) 


wo P, das gewohnliche Legendresche Polynom bezeichnet. Setzen wir 
noch: v—cos#@ so sind die Zahlen k, also die Entwicklungskoeffizienten 
1—cos? 
2 

Wir brauchen jetzt nur noch den Ausdruck (22) fiir w; in (13) einzu- 
setzen um, unter Beriicksichtigung von (12), die in Frage stehende Ener- 
gieaufspaltung zu berechnen. Dazu muss zunachst das Resultat jedes der 
Operatoren [1], [2], [3], [4] auf die Wellenfunktion (11) ermittelt 
werden. Der Operator [3] ist identisch mit P in (12); also: 


lias Pyle 1, 6.y) a we (26a) 


eines Legendreschen Polynoms nach Potenzen von 
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(1) und (2) sind lineare Differentialoperatoren, welche — auf ein in 
£1, 11, bzw. £5, 72 homogenes Polynom angewandt — dasselbe mit dem 
Homogenitatsgrad multiplizieren. Also : 


[1] (a. 8. y) = (a -F B) (a. Bey) ee ee 
[2] (8.7) =(e + 7) (G6, 2) <8 een 


Endlich ist [4] ein bilinearer Differentialoperator. Explizite rechnend 
finden wir: 


~ 4s (a, B, y)=a(a—1, B, y)— a (a—1) 92 & (a—2, B, y)—Babé,(a—1, B—1.7) 
+ ayn, a(a—1, B, y—1) + By ba(a, B—1, y—1) 
(a, 8, y)=a(a—I, B, 7) )-ta(a—1) Eon, (a—2, B, y)+- fan, a(a—1,B—1,7) 


— ay £,b(a~-1, B, y—1) — By ab (a, B—1, y—1). 
Durch Addition ergibt sich hieraus : 


0? 
FE, dé, 074 


[4] (a, 8, y)=a(a+B-+y+1)(a—1,B.7) . . . « (26d) 
Unter Beniitzung von (26) und (22) finden wir sodann: 
o, (a, 8,7)= QO; (4,89), 2 


wo der Zahlenfaktor Q, gegeben ist durch: 


Qe =F by aH) (01). (EBAY HIN OE B+) on (EB —I42). 
(a+ B—A) (a+ f—A—1)... (a-+h—r-+1) (28) 
. (at+y—A) (a+ y—A—1)... (a+ y—1-+1) 


Setzen wir (27) in (13) ein, so kommt: 


E Di; PD}, = | Pi,; ae D,,; = Or J Di, D,,; 
Um den Wert des Integrals brauchen wir uns also nicht zu kiimmern 
und der Ausdruck (28) stellt, bis auf einen unbekannten numerischen 
Faktor, die gesuchte Wechselwirkungsenergie Q, dar. 
Fiihren wir noch die Bezeichnungen ein: 


6 (6—1) (6B—2). .. (6—n+1) = 6™, Oo ==] (29) 
6 (6+1) (+2)... (6+-n—1) = dh", fa med 
so lasst sich (28) auch folgendermassen schreiben (vgl. (12)): 
= E hey a (aE Bb YEN) (0 Be 1) (ap ye ye | 
mt (30) 


— s ky (1+-s—j) (I4-s+j+1) (214+-1—2) "1 (2s +11") \ , 
A= 
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Bei festgehaltenem x geht der letzte Ausdruck fiir /, s und j sehr gross 
annahernd iiber in: 


Q.= Fh ++ 2b — 7) Ay = ly F (PF), aw 
I=0 A=0 2 
wenn cos# wieder durch (3) gegeben ist und also den Cosinus des Win- 
kels zwischen den zwei Vektoren im klassischen Modell darstellt. Die 
Summe in (31) ist aber nach (25), bis auf einen Zahlenfaktor, nichts 
anderes als das Legendresche Polynom P-(cos#), und die Wechselwir- 
kungsenergie nimmt, wie friiher behauptet, fiir grosse Quantenzahlen die 
aus dem Vektormodell abgeleitete Form an. 

Wir sehen jetzt, dass der Einfluss des totalen Wechselwirkungspoten- 
tials, das durch (9) gegeben war, dargestellt werden kann durch die 


Reihe: 
Pee MU oRee Ee Ps Oe 8 (32) 


Uber die Werte der Zahlenkoeffizienten C- lasst sich im allgemeinen 
natiirlich nichts aussagen; sie miissen in jedem vorgelegten Fall besonders 
berechnet werden. Man sieht aber, dass bei vorgegebenem / und s die 
Reihe (32), in Gegensatz zur Reihe die man aus dem Vektormodell be- 
kommt, immer abbricht. In der Tat wird der Ausdruck (30) immer Null 
sobald der Wert von rt grésser ist als der kleinste der beiden Werte 21 
und 2s; dieses Resultat hatte man auch sofort durch nahere Betrachtung 
der Integrale (14) gewinnen kénnen. 

Aus allgemeinen Griinden kann man schliessen, dass ¥ (2j-+-1) Q., 


summiert iiber alle vorkommenden j-Werte, fiir 7 >0 immer gleich Null 
sein muss. Dies ist der wohlbekannte Satz, dass der Schwerpunkt eines 
Multipletts nicht verschoben ist. 

Zum Schluss seien noch einige spezielle Falle naher untersucht. Der 
Term Q, bedeutet nur eine Verschiebung und keine Aufspaltung des 
Energieniveaus. Fiir den Term Q, findet man nach (24) und (27), wenn 
unter k ein Zahlenfaktor verstanden wird: 


kos=—k 4s kyo+2k 
Qy=k | —21. 2s +2 (I4+-s+4j+1) (4+-s—j)}=2k {U(L+1)+s(st1)—j(7+1)} (33) 


Dies ist wieder die wohlbekannte Formel (4) fiir die Cosinuskoppelung. 
Fiithren wir noch folgende Abkiirzungen ein: 


KMI+I=L , s(s+1)=S f+I)=J , L+S—J=C 
so findet man fiir Qo und Qs, bis auf Zahlenfaktoren : 
ee ee Be sce « s_, (34) 
Q,—C?—4C?+4C(—3LS+L+4+S+4+3)+4LS. . (35) 
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Die Formel fiir Qy findet eine Anwendung in der Theorie der Triplet- 
struktur des Hel Spektrums. Die Triplettaufspaltung wird in diesem Fall 
(Russell-Saundersche Koppelung zwischen einem /-Vektor der Bahnim- 
pulse und einem s-Vektor (s=1) der Elektronenspins) nach unseren 
allgemeinen Ausfiihrungen durch : 


ES Cj Q; + C, >: au a one (36) 


dargestellt, wo der zweite Term von der Wechselwirkung der Elektronen- 
spins herriihrt. HEISENBERG hat fiir Q» in seiner oben zitierten Arbeit eine 
allgemeine Formel aufgestellt, welche gerade fur s=1 die richtige Term- 
aufspaltung liefert, die aber fiir sj=1 nicht mit (34) iibereinstimmt1). 
Vom Verfasser wurde in der auf S. 969 zitierten Arbeit die Triplettstruktur 
in den3 5-Banden des Og-Spektrums mittels einer Q2-Koppelung zwischen 
dem resultierenden Elektronenspinvektor (s—1) und dem rotierenden 
Molekiil erklart. In Werbindung mit anderen Molekiilproblemen haben 
auch VAN VLECK und HILL?) die Energieaufspaltung betrachtet zu der 
eine Q_-Koppelung zwischen zwei Vektoren Anlass gibt. 

Es ist nicht ausgeschlossen, dass man bei gewissen Atomproblemen auch 
die Wechselwirkungén, die grésseren t-Werten in (9) entsprechen 
(t= 3) 4te. 2) 3. wird beriicksichtigen miissen. 


4) W. HEISENBERG, loc. cit., S. 516. Vgl. auch die neueren Arbeiten iiber das Helium- 
spektrum von J. A. GAUNT, Proc. Roy. Soc. 122, 513, 1929; Phil. Trans. Roy. Soc. 228, 
151, 1929 und im besonderen von G. BREIT, Phys. Rev. 36, 383, 1930. 

2) E. L. Hitt & J. H. VAN VLECK, Phys. Rev. 32, 268, 1928. 


Physics. — Betrachtungen iiber die Zustandsgleichung von Gasen und 
Fliissigkeiten, mit Riicksicht auf die Veranderlichkeit von a und b 
mit T und v. (A. Wasserstoff). UI. Die Ausdriicke fiir die kriti- 
schen Gréssen. Von J. J. VAN LAAR. 


(Communicated at the meeting of September 26, 1931). 
I be 
Die Ausdriicke fiir v, und vy, : b, =r. 


Wir haben in unserem vorhergehenden Aufsatz1) gesehen, dass in der 
VAN DER WAALS’schen Zustandsgleichung die Parameter a und b starke 
Volumfunktionen sind, namlich etwa © 


b 


g —— 


Per ha Tate 


ag 


: r+ eh 


wo dann weiter b, und a, (d.h. b und a bei v=) noch starke Tempe- 
raturfunktionen sind (vgl. Proceedings, l.c., S. 359—360). Diese Tatsachen 
waren schon langst bekannt2), doch haben wir in den beiden zitierten 
Aufsatzen die Betrachtungen (fiir Wasserstoff) noch etwas weiter gefiihrt, 
wobei eine Trennung der beiden Gréssen a und b versucht worden ist. 
Bekanntlich ist eine solche Trennung sehr schwierig, ja bei grossen Volu- 
men, wo diese Gréssen in RTb, —a, immer vereinigt vorkommen, sogar 
unméglich. Jetzt miissen wir noch etwas sagen iiber die Ausdriicke fiir die 
kritischen Gréssen, welche — wenn auch a—f(v) angenommen wird — 
einer griindlichen Nachpriifung bediirfen. 
Die Zustandsgleichung 


kann nunmehr geschrieben werden, wenn fiir a der obige Ausdruck ein- 
gesetzt wird: 


ete Sel iy ay 
Rae b v(v+c)’ 
Hierin werden wir v(v-++c) durch (v-+ 14 c)2 ersetzen. Denn 14 c2 kann 
1) Proceedings 34, 227238, 348—360. 
2) Siehe die Zusammenfassung aller dieser iiber ungeféhr 30 Jahren laufenden Unter- 


suchungen in meinem Buche: ,,Ueber die Zustandsgleichung von Gasen und Fliissig- 
keiten”. Leipzig, L. Voss, 1924. 
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in der Nahe von 7, immer vernachlassigt werden. Bei Hy ist z.B. 
a, - ag: (1+ 1/5). Schreibt man dafiir a,: (1+ 1/10), so ist der Fehler 
1199 auf 6/5, d.h. 1 auf 120. Und bei Volumen zwischen v ,und v= o ist 
dieser Fehler noch viel geringer1). Wir haben also: 


ae ss fat a 
p= oie: oot sk” Becta ee 


2 
Hieraus geht hervor, wenn wir (ae) = b' und eo = b” schreiben: 
t t 


do\s eaeeerR ; 2 ay ' 
(5), =~ pap 9) tez ite | 


fp) 2 2k 
(a), Wap ea ae 


Diese Differentialquotienten sind nun —0 bei 7;, sodass wir bekommen : 
2 (ag)x (vk — bx)? 
(v~ + '/2 ¢x)? 
6 (ag)x (vi — bi)? ( 
(ve + "/2 cx)* 
und hieraus durch Teilung die Grundgleichung fiir v;: 
5 CD, _ 2 — beh BD, 
vite A/S 1b, : 


RT, [2 (1 — 5, + (ve — 6) by | = 


(2) 


Nur wenn 6,, 6; und c,=0 waren, wiirde 3(v,—b,): v,=2 sein, d.h. 
B= OD, Aber, da dieses bei keinem einzigen Stoff der Fall ist, so wird 
iiberall v, << 3b, ausfallen. Bei allen sogenannten ,,gewéhnlichen” Stoffen 
wird v, = 2b, sein. (Siehe ,,Zust.gl.”’, Iles Kapitel: Der kritische Zustand). 


Bei Hy ist wahrscheinlich v, — 2'/,b, (Proceed. l.c.). 


Setzt man 
Up) Dy SE OD Cee ie 
so wird (2): 
ey See, 1\ % 5 
3 Rape. bi diated cece 
Mit 


” 
v, b, 


(Iit+y)(i—b)=w ; —(1+9)7—— 


ey A 
k 


1) Hatte man Va=Va,: (1-+¢'/v) gesetzt, so ware a: v?= ay: (v + c’)?, sodass dies (der 
Ausdruck von CLAUSIUS fiir CO ) dann strenge richtig ware. 
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bekommen wir also: 


3(e—1)=2rw—(r—1)z, oder (r—1)(3+2z)=2rw, 


d.h. 
r—-1 2w 
ries (2 


Aus der ersten der obenstehenden Gleichungen fiir RT, bekommt man 


weiter, mit (a,), =a, (1—y)?: 


RT _2a,(i+yPay(l—'-)P _ 2a, (e—1/P ] 7 
oe ib) yt eR (1 — 8) (1 +9)’ 
oder 
as # 
RT =H T thers UA) V3) 


Und fiir p, geht aus der Zustandsgleichung (1) hervor: 


we cap (fl) bs 1 (Bee 
at r fe ie De robe o 


wenn fiir v»—b, gesetzt wird (r—1) by, und (ag): (ve +!/2¢,)? = 
=(a,)e:v% (1 + y)? = ax : vg = ay: r? bj. Denn wegen a= a,:(1 + 1/2 */.)? 
ist a, =(a,).: (1 + y)?. Das giebt somit: ; 


ol ize—iyt 
eee a 2 7 | Pes Moet a's (4) 


Und fiir s= RT; : prvg = RT, : + ped, bekommt man: 


ae Dine ie i} eae 1 =i 


od wir r w 


oder 


s= See eat. eg we, (5) 


r? 2(r—1):r—w 


Wird hierin fiir (r—1):r sein Wert aus (2a) substituiert, so wird 
auch : 


8 w? 1 8w 1 


°~8+42%4w:3+2—w 3+24—(642) 


63 
Proceedings Royal Acad. Amsterdam, Vol. XXXIV, 1931. 
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oder 


sodass rs = 4(e—1) wird. 
1—z 


Waren b.,b/ und yO, so wiirde w—1, z=0 sein, und es ware 


Peale 2 ae — 5 a 
pg Es) Ri oe 
tel ak =e! =, 
P= 37-7 


Sind also a,,y, b,, b, und by bekannt, so sind aus den drei Gleichungen 
(2) oder (2a), (3) und (4) die drei kritischen Gréssen v,, T, und p, 
vollstandig bestimmt1). Sind jedoch die genannten Gréssen unbekannt, so 
kann man umgekehrt.aus den zwei Gleichungen (2a) und (5) oder (5a) 
die zwei Gréssen w und z nur dann bestimmen, wenn man fiir r einen 
willkiirlichen Wert annimmt (s ist experimentell bekannt). Aus w und z 


1) Wir brauchen hier natiirlich die sonderbaren Ansichten (in der Z. f. physik. Ch., 
1929 (A), 142, 37) des Herrn K. BENNEWITZ (einer des Grossmeister einer transcendentalen 
Thermodynamik und Kinetik), dass die drei kritischen Gréssen durch dié zwei Gleichungen 


dt? 

sondern ein ganzes kritisches Gebiet(!) gibt, nicht zu wiederlegen. Denn er vergisst 
offenbar als dritte Beziehung die Zustandsgleichung selbst!! An anderer Stelle redet er 
von zwei kritischen Punkten: dem ,,gewOhnlichen” und dem ,,energetischen’’(?) kritischen 
Punkt. Also ein ,,Gebiet’ mit nur zwei Punkten? Bekanntlich hatte CALLANDER 4hnliche 
Ansichten iiber das Bestehen eines kritischen ,,Gebietes’’. 

Herr BENNEWITZ verwirft die v. D. WAALS'sche Zust.gl. mit a und b konst., weil 
dieselbe (selbstverstandlich) verschiedene Gréssen quantitativ nicht richtig wiedergibt. Aber 
er weiss offenbar nicht, dass seit 50 Jahren die Verdnderlichkeit von a und b mit v und T 
bekannt ist; und darum bevorzugt er die (falsche) WOHL'sche Zustandsgl., obgleich die 
Absurditat dieser Gl. schon langst bewiesen ist (u. A. von WEGSCHEIDER; vgl. meinen 
vorhergehenden Aufsatz, S. 227). 

Weiter nimmt er iiberall, wo etwas nicht stimmt, ,,Assoziafion’’ an, sogar bei der krit. 
Temp. (z.B. bei CO), und redet von ,,Haiifungswarme”’. An anderer Stelle behauptet er 
jedoch, dass der namliche CO) zu 93°/p ,,dissoziert’’ sei!! 

Auch nimmter zwei Molekiilarten an; die Fliissigkeitsmol. sind grdsser (!) als die Gas- 
molekiile; er verwirrt offenbar b und m (das eigentliche Volum der Molekiile). b kann = 4m 
sein (bei sehr verdiinnten Gasen) und ~- 2.5m (bei Fliissigkeiten). Wgl. den Schluss des 
heutigen Aufsatzes. 

Und schliesslich meint er, dass im krit. Punkt (doch wieder ein Punkt?) die Materie 
betrachtet werden muss als eine ,,Lésung in sich selber’! Das alles wird noch in 1929 
in der Z. f. physik. Ch. geschrieben und gedruckt, 60 Jahre nach ANDREWS (1871) und 
Vv. D. WAALS (1873). 


dp d’p 
ae 0; =O nicht bestimmt sind, und dass es somit keinen kritischen Punkt, 
v v 
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kénnen dann weiter die Gréssen x in b=(b6,).: (1 we ) ==i(b5);3 (17x) 


UE 
| 


ae 
- ') =(a,),: (1+ y)? berechnet werden. 


und y in a, = (ay); : (1 + 


Il. 
Berechnung von w und z, x und y, a und by. 
Nehmen wir erst fiir b-—f(v) die bekannte Funktion 


b > AS cea 


= 
SEER 


wo y=b,— bo, sodass b= by wird bei v-—bo. Hieraus geht hervor: 


rae ely ae pe Te ee P 
=(a), LLP ep (3%) (1+ 7/.)? ° v3 


20, ae mas , 
=a ot eb 4) =— aay 


Le, 2 b, P 
also Co (A ar 


Bei T; ist deshalb, weil (b,)«: (1 + 7%/v,) = by ist, wenn ?/4,=x ge- 


setzt wird: 


i a bee THe 1 «x 
BS spy Le thay, OES 
gi 9 De Pett we eS | 
wa U~ 1(-+ fk/v,)? ve (li +x) 


‘ r—1 


Fiir 3+ z findet man also 4(1 Sel sodass wir bekommen: 


ei) ; SET, Uy Vea ciel GAS) 


if Ts 


ae 


982 


b" 
Da nun w=(1 + y)(1—b,) ist, und z= (1 9) a so wird y 


k 


eliminiert in der Beziehung 


w oe {sb cle 1) rs —(r—1) 


z —v,b/ — r rs — 4(r — 1) 


Und da 1— b, und —», b/ nach (7) gegeben sind, so folgt aus 


oder 


(+ (-4)2) #=2 \P ce he ean 


eine kwadratische Gleichung fiir x. Es ist dann weiter y bekannt aus 


w 


1 = y — ae. . . . . . ° ° . (10) 

Berechnen wir nun die wichtige Grésse s = RT; : pxvx. 

Fiir T, ist 33°.18 abs. gefunden. [Vielleicht ist 33°.17 besser. (CROM- 
MELIN und SWALLOW, Comm. Leiden 172? (1924) ]. Fiir RT; findet man 
somit 33.18 & 0.0036618 = 0.12150. Fiir p, nehmen wir nicht den 
bekannten Wert 12.80 atm. nach KAMERLINGH ONNES, CROMMELIN und 
CaTH (Comm. 151° (1917)), sondern den etwas hoheren Wert 13.06 
nach CROMMELIN und SWALLOW (.c.; siehe auch Proceed. 1. c., S. 348).!)° 
Und der Wert von v; kann berechnet werden aus v,—M:D, wo 
M=2.0154 und D, = 0.03102 (Comm. 151° (1917) und 154° (1921) ). Man 
findet dann v, = 2898 . 10°. Es wird also: 


RT; : px = 9303.10 und s=3.210. 


Nehmen wir nun fiir r den bis jetzt wahrscheinlichsten Wert r=2.5 
an, so wird (mit s = 3.2) rs=8, und folglich nach (8): 
= 0975 ; z=t=025 ; 2=39. 


- 40 4. — z 


w 


Das giebt nach (9) fiir x: 
(1 + 3/, x)?=3.9 X 4/54, oder “(5-4-3 2) —=78 x, 


also 


%2= 0,585. 37) Perea lio: 


1) CROMMELIN und SWALLOW sagen (l.c. p. 9): .,So far it is certain that our deter- 
minations cannot be brought into proper agreement with the vapour pressure curve and 
the critical temperature and pressure”. (d.h. mit den friiheren Werten). 
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Hieraus geht nach (7) hervor: 


BD —-0.1476\ < v, b. = — 0.1863, 


und schliesslich nach (10): 
l+y=1.144 ; (1+y)?=1.308. 


Jetzt werden wir b, und a, berechnen, und daraus (b,), und (a,)x. Der 
Wert von & folgt sogleich aus by =v, : r= 2898.10-*:2.5, was 
10° 6, =1159 ergiebt. Sodann wird 10 10 (bg)k = 1159 X (1 + x) = 1837. 


Was a, betrifft, so folgt aus (3) mit r= 2'/,, w=0.975: 


se, ah 
Rive 7 % = bi x 0.2954; 


gegen See =— 0.2963 bei ,,idealen” Stoffen. Man sieht hieraus, wie 
2hDps. Dg 


dusserst wenig der Koéffizient von RT, mit r—2.5, x—0.6, y=—0.14 
abweicht von demjenigen bei idealen Stoffen, wo r=3, x=0, y=Oist. 
Das kommt daher, dass in (3) erstens w nahezu=—1 ist, und weiter 
2(r—1)*:r? sehr wenig verdnderlich ist mit r. Fiir r=3 ist dieses 


foe 290, und == oe —— 0.283: fir r= 2*/,. 
Das namliche gilt nach (4) fiir px. Der Koeffizient wird ee S — 1) = 


9\3 
1 4-616 igre A lh chest 
=97 fier — 3, ind — 25\ BT ie 325 = 57.08 _ Hirt 


Fiir a, findet man aus Obenstehenden, mit 4, = vz: 16: 


=RTi by X 22 = RTi ne XB 


Hierin ist RTive = 0.1215 K 2898 .10-* = 352.1-.10—*, sodass 
10° a, = 476.8 wird. Hieraus ergiebt sich dann weiter 10° (a,)k = 
5 476:8 (++ 'y)? = 623.8. 

Wenn man diese Rechnungen mit einem hdheren Wert von r, z. B. 
r= 3 wiederholt, so werden erstens die Werte von b, =966.10~° und 
ay —= 418.1 >< 10-° unwahrscheinlich klein; aber zweitens findet man 
jetzt fiir 1+ x den Wert 1.367, und (1 + y)?= 1.344 (1+ y= 1.159), 
sodass 0.344 fast — 0.367 ausfallen wiirde, was ebenfalls unwahrscheinlich 
ist. Denn [(b,),: b.] —1 wird ungefaéhr zweimal grésser erwartet werden 
miissen als [(a,),:a,]—1. Und mit r=2.5 ist wirklich 0.585 fast = 
= 2 X 0,308. 

Es ist somit sehr wahrscheinlich, dass r jedenfalls in der Nahe von 
2.5 liegt, wodurch rs=8 wird, wie bei ,,idealen” Stoffen. 


984 
Ill. 
Der Wert von B, = RT (b,), — (ay). 


Betrachten wir die Werte von (b,)x und (ay), etwas naher im Lichte 
der Temperaturabhangigkeit. Wir fanden friiher (Proceed. |. c., S. 230 
und 360): 


10° b, = 940 + si ; 10° a, = (320 + ) 


a 
RT * RT’ 


sodass 
co ne Pie Rk 
10° B = 940 RT — 320 RT 
wird (a= 19.5), wie aus dem experimentellen Material hervorgeht. Mit 
RT, =0,1215 (siehe § Il) wird nun fiir 6 aus 1837 — 940 + (8: 0.1215) 
gefunden B= 109. Und fiir a aus 624= 429+ (a:0.1215) der Wert 
a= 23.7. Beide Werte kommen uns zu hoch vor; jedenfalls der Wert 
von a. 


Auch der Wert von B, wird zu gross negativ ausfallen. Wir finden 
namlich (siehe fiir (bs), und (a,), § I): 


B, = 0.1215 & 1837 — 624 = 223 — 624 = — 401, 


wahrend experimentell (Proceed., S. 231) — 370 gefunden wurde. Und 


auch mit den aus r—3 hervorgehenden Werten (vgl. oben § II) bekommt 
man aufs neue — 401. Andere Funktionen b= f(v) ergeben ebenfalls 
B, ~ — 400. Die Abweichung von — 370 kommt daher, dass mit den ge- 
wahlten Punktionen zwar jedesmal die aus den kritischen Gréssen berechneten 
Werte von x und y den Verhaltnissen im kritischen Punkt entsprechen, 
aber dass diese Funktionen dennoch das Verhaltnis (b,), : b, = 1-+ x,’ 
und (a,), : ax —=(1-+ y)? unrichtig angeben. Wir kommen darauf im nach- 
folgenden Paragrafen noch zuriick. 

Dass die fiir 10°B, berechneten Werte mit verschiedenen Werte- 
systemen von r, x und y immer den ndmlichen Wert — 400 ergeben, 
geht wiederum — ebenso wie wir das mit RT; und px gesehen haben 
(§ 11) — aus der Struktur der Formel hervor. Mit (6,), = by (1 + x) und 
(ag)e == ax (1 + y)? wird namlich: 


Be Rig br (1 + x) — a, (1 + y)?, 


oder mit b, = vz: r, und a, nach (3) von § I: 


2 
Be=RT.o| 7" reap ite. . “os (11) 
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wo RI; o.—0.1215 K 2898 . 10-° = 352.1. 10-° ist. Der Faktor von 
RT,, v, scheint somit praktisch konstant zu sein, nadmlich = — 401 : 352 = 
=— 1.14; etwas (+8°/.) zu hoch, weil — wie wir oben bemerkt 


haben — die Werte von 1+.x und 1+y nicht ganz richtig sind. 


IV. 
Schlussbetrachtungen. 


Wenn wir die numerischen Ergebnisse bei der kritischen Temperatur 
noch einmal zusammenfassen, so haben wir folgendes. 

Erstens muss bemerkt werden, dass es unmdglich ist, aus den kritischen 
Gréssen den Wert von r zu berechnen. Wir kénnen nur feststellen, dass 
bei H, ein Wert in der Nahe von 2.5 wahrscheinlich ist, und dass 
héhere Werte, z.B. r=3, unwahrscheinlich sind. Mit r=2.5 wird 
wiederum rs =8. Nehmen wir also r=2.5 an, so haben wir mit 


b a, 


Pein i 
die nachfolgenden Werte fiir b, usw. (x= Qe: UK, y= '/2 Ck 10). 
Tear 1159 4 Wet N1.585 + .10° (be ==1837 ; 10° b, = 940 + Bo. 
23.7 


10° a = 477 ; (1 + y)?=1.308 ; 10° (as) 624 ; 10% a, = 429+ Fo. 


: wad): ae 23,7 
Weiter ist 949 = 0-116, 429 


0,585 = 1,9 0,308. 

Fiir B, = RT; (by)k —(ag)k wird alsdann — 400.10-° berechnet, 
wahrend experimentell ungefahr — 370.10-® gefunden wird. Es geht 
daraus hervor, wie wir schon oben (in § III) bemerkt haben, dass die 
gewahlte Funktion b= f(v) bei einer so niedrigen Temperatur, wie die 
kritische bei H3, nicht den richtigen Wert von (bj), angiebt. Wie eine 
einfache Berechnung lehrt, wiirde diese Funktion auch fiir bo einen 
unméglichen Wert ergeben. Und das namliche gilt fiir a, und ap. 

Zur Untersuchung dieses Tatbestandes werden wir spater nochmals die 
kritische Isotherme einer naheren Berechnung unterwerfen. 

Doch kénnen wir schon jetzt eine Erklarung geben von der Tatsache, 
dass die benutzten Formeln b—f(v) und a=f(v) wohl bei hdheren 
Temperaturen giiltig sind (wie das aus unserem vorhergehenden Aufsatz 
bei 0° und 30° C. (AMAGAT und BRIDGMAN) hervorgeht), aber nicht bei 
niedrigen Temperaturen. 

Betrachten wir erstens die Grésse b. Bekanntlich ist bei grossen Volu- 


==1())05 5 awionOnl hos 21 >< 0.55 ist: und 
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men der Grenzwert b, (bei v= ©) bei Hy nach der obigen Formel 
b, = 940 .10-° + */rpr von der Temperatur abhangig. Das kommt 
daher, dass 6b, bei abnehmender Temperatur in fortwahrend starkerem 
Masse mit BOLTZMANN-Effekt behaftet ist, und zwar nach der theoretischen 
Formel (vgl. Zustandsgl. S. 58) 


by = Oran Xe"™ = (b)(1 4+ Zr) : ee 


Und da 6) wohl unabhangig von der Temperatur sein wird, so geht 
daraus hervor, dass — wo bei héheren Temperaturen nur, bei Volum- 
abnahme von v= © bis v=by, die Abnahme von b, = 4m (m= wirk- 
liches Volum der Molekiile) bis b) — 2m in Anbetracht kommt — bei 


niedrigen Temperaturen (bei Hy, z. B. die kritische) ausser dieser Abnahme 
noch die gréssere Abnahme des BOLTZMANN-Effektes von e”/R7 bis 1 im 
Spiele ist! 

Da bei H, (6,)r=. = 4m=940.10- ist, so wird 10°m= 235 sein. 
Das Grenzvolum vy= by (p=) wird demnach (bei kubischer Packung) 
=6/” Xm= 1.91 m sein, sodass 10° by = 450 wird, was mit den Ver- 
suchen von BRIDGMAN Meas: l.c.) bei sehr hohen Drucken nicht 
streitig ist. 

[Wahrscheinlich tritt bei extrem hohen Drucken noch eine dritte 
Abnahme hinzu, namlich eine gewisse Deformation der Molekiile selber, 
wodurch m etwas kleiner wird]. 


Nehmen wir nun bei bei_T; bei v= 10°b, = 1680 an (siehe weiter 
unten), so ist dieses offenbar mit 1680 — 940 = 740 ,,BOLTZMANN” 
behaftet, welcher von v= o bis v= bp getilgt werden muss, wahrend 
der iibrig bleibende 940 (=4m.10°) bis zu 450 (=1.91 m. 10%) 
bei pce abnehmen wird. 

Nun te: diese letztere Abnahme sehr angendhert dem Gesetz 
b=6,:(1+ ?/.), wie die Versuche von AMAGAT und BRIDGMAN bei 
a Pe ausgewiesen haben. Aber es ist bis jetzt nicht 
bekannt, ob auch die Abnahme der BOLTZMANN’schen Funktion mit v 
diesem namlichen Gesetze gehorcht. 

Nehmen wir an, dass b, ohne BOLTZMANN-Effekt = 3,6 m ist (wie 
aus dem b-Wert (10° b= 910 bei 10° v = 2900) bei 0° C. hervorgeht), also 
= 845.10-°, so ergibt sich — da 10° b in Wirklichkeit = 1160 ist ~ 
dass in diesem 1160 (bei v—v,;) noch 315 ,,BOLTZMANN”’ steckt. Bei 
v= © war das (siehe oben) = 740. 

Betrachten wir noch die Isotherme des absoluten Nullpunktes (T= 0), 
wo 10%, = oo ist, so wird bei 10° v') = 10° b) = 1020(p=0) auf dem 
Fliissigkeitszweig der Grenzlinie (vgl. die Figur auf S. 359 1. c.) immer noch 
BOLTZMANN-Effekt vorhanden sein. Nehmen wir an, dass alsdann (ohne 
»BOLTZMANN”) z.B. 6 — 2.8 m = 660. 10-* ist (bei O° C. ist bei 
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10®°v = 1020, 10°6— 700), so wiirde in diesem 1020 noch 360 ,,BOLTz- 
MANN” stecken. = 
Was die Grdésse a, betrifft, so ist theoretisch (Zust.gl., S. 57): 


AN ae 
ee jai yr) er (13) 


Es ergiebt sich somit, dass wo die relative Abnahme von b, mit T 
nach (12) durch y: RT gegeben ist, diese Abnahme bei a, gerade die 
Hailfte, namlich '/,y: RT betragt. Die Formeln 


ag = (ag) 7-— oo 


10° b, = 940 + are 940 (3 oe Rr) 


10° a, = 410 + Re — 410 (1 my aa 


wiirden fiir 0.096: 0.048 gerade den Wert 2 ergeben. Aber dann wird 
10°(b,)x = 1681, (ag), = 571, und daher (b,), : bx; = 1.450, (ag), : ax = 1.197, 
sodass 0.45 =2.25 0.20 wird, statt 0.585—= 1.9 X 0.308, wie oben. 
Und da jetzt 10°B = 940 RT — 320 — 95/rr wird, was experimentell 
gefunden ist, so wird auch der Wert von 10°B, gehérig = — 366. 

Wir wollen noch hervorheben, dass bei héheren Temperaturen, wo 
das BOLTZMANN-Effekt fast ausgeschaltet ist, sowohl bei AMAGAT wie bei 
BRIDGMAN (vgl. die Tabellen auf S. 352, 357 und 358 l.c.) bei geringen 
Drucken gefunden wurde: 


b=, (104478), 


Pee LO55.F10-* i. & Syn 463:.10% 
Denn aus z.B. b= [astGani Oxon 1058 . 10 (1 rage ) geh 
mit’ b, =1058.10-° das obige sogleich hervor. Und so auch bei den 


beiden anderen Formeln. 


Theoretisch ist bekanntlich b = b, (1 = ar [vgl. Zust.gl., S. 71; 
v. D. WAALS berechnete urspriinglich '7/,, statt 3/3]. Und da 0.44 etwas 
grosser ist als 0.375, so ist — wie zu erwarten war — bei 0° und 


30° C. das BOLTZMANN-Effekt noch nicht vollstandig eliminiert. 


Tavel sur Clarens (Schweiz), 1931. 


Physics. -— Measurements about the velocity of sound in hydrogen gas 
at liquid hydrogen temperatures. By A. VAN ITTERBEEK and W.-H. 
KEESOM. (Communication N°. 216c from the Physical Laboratory 
at Leiden). 


(Communicated at the meeting of September 26, 1931.) 


§ 1. Introduction. In Comm. N°. 21361) we put for the square of 
the velocity W of sound in helium gas a quadratic formula 


W2—N (1+ Pp-+ Qp?) 


where p represents the pressure. From the coefficient N we can calculate 
the ratio (c,/c.)p=0 {see §5, Comm. N°. 2135). This ratio, which is free 
from the mutual interactions of the molecules, may show how the rotational 
energy for the case of more-atomic molecules dies out at decreasing 


temperature. 
From thermodynamical reasoning it follows that the coefficient P is 


equal to 


dB PB 
rb Pare es Wes iT) 


where R is the gas constant — 1/273.1, B is the second virial coefficient, 
and 2 equals M(c,),=0/Rm. The determination of this coefficient P is the 
more important as measurements on the dependency of the velocity of 
sound in a gas on pressure can be made at pressures lower than one 
atmosphere, hence at the boiling point and even at still lower temperatures, 
where direct measurements of Bby means of the compressibility are difficult. 

As for hydrogen gas there exists a series of determinations 2) of values 
of B, determined with the classical method of measuring isotherms, we 
have tried to verify those values. We have also established a formula for 
the values of B as function of the temperature by using our measurements 
together with the known values of the second virial coefficient. Such a 


Tee Proceedings: 34, 204, 1931. 

2) J. PALACIOS and H. KAMERLINGH ONNES, Archiv. Neéerl. sér. IIIA, 6, 253, 1923, 
Comm. Leiden No. 164. H. KAMERLINGH ONNES and F. M. PENNING, Arch. Néerl. 
sér. IA, 7, 157, 1923, Comm, Leiden No. 1656. F. P. G. A. J. vAN AGT and 
H. KAMERLINGH ONNES, These Proceedings 28, 674, 1925, Comm. Leiden No. 176b. 
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formula enables us to calculate (c,/c.) and c, from the velocity of sound. 
We intend to publish the results of these calculations before long. 


§ 2. Experimental method. We followed the method described in 
Comm. N°. 21361). From researches made by GRUNEISEN and MERKEL 2) 
and besides from those made by CORNISH and EASTMAN) it follows that 
it is possible to reduce, by using a wide resonator, the correction due to 
the wall, which is inversely proportional to the diameter. The same is 
true for the correction due to the end-openings, the more even so as this 
correction is inversely proportional to the second power of the diameter 
at least. 

The correction due to the end-openings can also be eliminated by using 
a very long tube or by employing tones of high frequencies. The authors 
mentioned above used both these methods. But at hydrogen temperatures 
these methods present experimental difficulties. One of these results from 
a very important damping of sound when passing through the narrow 
connecting tubes (see Fig. 1, Comm. N°. 2136). For this reason we have 
used a very wide resonator, diameter 6.2 cm. The length of the resonator 
is 297.69 mm at 0°C. Before soldering the covers on the tube this was 
polished carefully. 

The correction due to the wall was made just as in Comm. N°s, 209a#), 
209c 5), 2130. 

Before beginning the measurements at hydrogen temperatures we deter- 
mined the velocity of sound in carbon-dioxide-free air at 0° C. We found 
332.2 m/sec., whereas in Comm. N®. 213b we found 332.1 m/sec. 


§ 3. Measurements with hydrogen gas at hydrogen temperatures. 
The hydrogen gas used for the measurements was obtained by evaporation 
of liquid hydrogen. As during each series of measurements the hydrogen 
gas was kept for three hours at hydrogen temperatures we estimated it 
not to be superfluous to check the percentages of ortho- and para~hydrogen 
at the beginning and at the end of the series of experiments. 

Mr. A. Bij, assistant at the Leiden Cryogenic Laboratory, was so kind 
as to make for us this test by the heat conductivity method. He did not 
observe a change of the percentages. 

Table I gives the results of the measurements. W,,, means the observed 
values of the velocity of sound in the hydrogen gas confined in the 
resonator, W the velocity for the free gas, obtained by correcting for 
the wall effect. 


i} Moc. cit: : 

2) E. GRUNEISEN and E. MERKEL, Ann. d. Phys. 66, 344, 1921. 

3) R. E. CORNISH and E. D. EASTMAN, Journ. Am. Chem. Soc., 50, 627, 1928. 
4) These Proceedings: 33, 440, 1930. 

5) Wis- en Natuurkundig Tijdschrift 5, 69, 1930. 
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TABLE I. 
Velocity of sound in hydrogen gas. _- 
Temperature Date of the Pressure Wobs | WwW 
average 
°K measurement at in | M isec. 
|sec. 

20.42 March 26, '31 0.9295 358.7 358.9 
May 8, ‘31 0.7981 361.2 361.4 

Z 0.7814 361.4 361.6 

March 26, ‘31 | 0.6463 364.4 364.6 

June 15, ‘31 0.6078 365.3 365.5 

Z 0.4013 368.8 369.0 

‘ 0.2847 370.8 371.0 

March 26, '31 0.2567 371.3 371.5 

June 15, ‘31 0.1723 372.6 372.8 

May 8, 31 0.1533 373.0 373.2 

19.91 June 22, ‘31 0.8028 355.9 bs eaabed 
‘ 0.6686 358.1 358.3 

| 0.5275 361.1 361.3 

: 0.3951 363.7 363.9 

. 0.2738 365.5 365.7 

0.1527 367.9 368.3 

19.38 March 30, ‘31 0.6395 352.3 352.4 
May 8, ‘31 0.5852 353.8 354.0 

March 30, ‘31 0.5323 354.6 354.8 

May 8, ‘31 0.4006 357.3 357.5 

March 30, ‘31 0.3011 359.1 359.4 

May 8, ‘31 0.1993 361.1 361.4 

March 30, ‘31 0.1109 362.6 363.0 

18.60 March 30, '31 0.4021 350.7 | 350.9 
May 8, ‘31 0.3540 350.9 | 351.1 

March 30, ‘31 0.2608 352.9 353.2 

0.1116 355.5 355.9 

17.85 June 22, ‘31 0.3621 341.9 | 342.1 
5 0.3126 342.6 342.9 

0.2539 344.0 | 344.3 

R 0.1978 | 345.4 345.7 

| 7 0.1403 | 346.9 347.3 

17.47 March 30, ‘31 0.2690 | 337.8 338.0 
: 0.2113 338.8 339.1 

0.1726 339.4 339.7 

0.1311. | 340.1 340.5 

0.1042 340.7 341 mal 
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We have drawn, in Fig. 1, W as function of p at each temperature. 


378.0 TM/SE 


3480 


a al be ee Lh ee OE, ei ae ra | 
Oo —__-P02 0.4 0.6 08 AOAT. 
Fig. 1. 
=] March 26, ©) March 30, V7 May 8, S> June 15, A\ June 22, ‘31. 


§ 4. Calculations. We calculated from the measurements given in 
Table I the following data: 

1. (cp/c.)p=o. For this purpose we adjusted the quadratic formula, 
mentioned in § 1, to the determined values of W2 by calculating the 
coefficients N, P and Q with the method of least squares. 


Making use of 
— RuT (ce 
M ce 


we calculated (c,/c,),~o, The molecular weight M of the hydrogen gas 
we put 2.016. The results of these calculations we give in Table II. 
The small deviations from (c,/c,)p=o == 1.667 are probably due to the 
uncertainty originating from the extrapolation to p=0. 
2 
2. Calculation of S=B+%T a+ aT? = 
From the results of Table II it follows that at the temperatures of liquid 
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TABLE IL. 
Temperature 

oK (cp/¢.) po 
20.42 1.672 
19591 1.674 
19.38 1.666 
18.60 1.672 
17.85 1 Oot 
ea 1.661 


hydrogen A== 3 (see § 1), so that S depends on B as mentioned above. 
We calculated the value S =-4RT.P from the coefficient P of the 
quadratic formula mentioned in § 1. 

For this purpose we followed a method somewhat different from that we 
followed in the calculations mentioned under 1. We now added to the 
values W, following: from the observations, the point 


WV, ee a eres eee 
Me Gab) aac cA Pot 
p= p= 


thus considering Wg as an observed point, and applied then the method of 
least squares. 
The values of N, P, Q, and S calculated in this way we give in Table III. 


TABLE Il. 
Gh soca | N f Pp Q s 
K (Mjsec.) at—1 at—2 
20.42 14054.10 —0.06433 — 0.002952 —2.40.10-3 
19.91 13703.10 —0.07787 — 0.002097 PAY te Ure 
19.38 13318.10 —(),09554 — 0.001327 = 3539 S13 
18.60 12795.10 — 0.09738 — 0.00004 —3.32.10-3 | 
17.85 12274.10 —0.13682 + 0.00152 — 44751052 | 
While) 11802.10 —0.14412 + 0.00945 4, 53) 


We remark that the sign of the coefficient Q changes between 18.60° K 
and 17.85°K. This depends on the curve W2==f(p) becoming convex 
towards the p-axis, whereas it was concave towards the same axis at 
higher temperatures. 
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The values S of Table III are drawn graphically as a function of 
temperature in Fig. 2. 


-60x 4073 


40 


ig —117 18 49 20 24°K. 
Pigee2s : 
© From the velocity of sound. 
A: VW Calculated from known values of B. 

We observe that the value of S at 18.60° presents an important deviation 
from the curve. This deviation may be owing to the small number of 
measured points (see Table I) at this temperature. 

3. For the purpose of verifying the known values of B we used the 
following method. 

Through the points T= 20.52°, 103. B——6.2981); 18.16, —7.602; 
16.65, —8.648; 15.64, —9.665; 14.50, —10.949 derived from measure- 
ments’ of isotherms by PALACIOS, KAMERLINGH ONNES and VAN AGT 2), 
we laid the quadratic formula 


ae 43. 2218 
Per 

This function gives us the values of S, ane in fig. 2, curve I. 

We may expect that the values of S obtained in this manner are strongly 
dependent upon the function of B and hence also strongly dependent 
upon the choice of the points by means of which the function B is fixed. 
We have calculated a second series of values of S from the formula 

[Pee we PA! 

102 6 == 2.901 — —- — 7? 

highest of the above-mentioned temperatures. These last values of S have 
been drawn also in fig. 2 (curve II). 

We see that the experimental values of S lie between the curves I and II 


10?. B= — 2.464 + —— 


laid through the values of B at the three 


1) Average of values of B at 20,55 and 20,53 °K (vAN AGT and KAMERLINGH ONNES), 
and at 20,49 °K (PALACIOS and KAMERLINGH ONNES). 


2) loc. cit. 
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obtained from known values of B. From this fact we can conclude that the 
agreement of the values of S calculated from known values of B, and those 
obtained from our measurements, is rather good. 


§ 5. Calculation of 103.B as a function of T from compressibility 
measurements together with measurements of the velocity of sound. To 
calculate this function we first tried a quadratic formula in 1/T. But we 


found that it was necessary to put 103.B==a+ 3 + a + s to get a 
good agreement with the measured values of Band the measured values of S. 
The coefficients of this last formula have been calculated by the method 
of least squares from a system of 11 equations. 6 of them resulted from 
the values of B mentioned under § 4, 3, to which a suitable weight was given 
(see column 4 of Table IV). The other 5 equations resulted from the 
values of S, given in Table III. 


From these calculations followed 1) : 


539.60 , 7.237.103 5.163. 10% 
3 — 25 ERE SSIES: 
107) B = 8780 ees ee 


For comparison, we give Table IV, in which B- and S-calculated mean: 
derived from formula (1). 


TABLE IV. 
a Measured Weight Calculated 
20.54 — 6.28 4) 2 — 6.29 
20.50 0, 54.5) 2 —; 6.31 
18.16 | 17,00 2 — /.01 
103.B 
16.65 — 8.65 1, SECA 
15.64 =o 106 '/3 — 9.63 
14.50 —10.95 2/5 =—=10295 
20.42 == Pst) 1 | 210% 
19.91 204 1 — 2.89 
103.S 
19,38 —) 3459 1 — 3.19 
17.85 — 4,47 1 — 4:20 
Wi VA =e 55 1 == 


1) As this formula depends on measurements in the temperature range from 20.5°K down 
to 14.5°K, it can be trusted for this temperature region only; extrapolation is only allow- 
ed over a rather small range. 

2) Average of values of B at 20,53 and 20,55 °K (VAN AGT and KAMERLINGH ONNES). 

3) Average of three values B, viz. at 20,51, 20,49 and 20,49 °K (PALACIOS and 
KAMERLINGH ONNES). 
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In Table V we give a set of values of B deduced from formula (1). 


TABLE V. 
T 

, he 103. B 
21 — 6.08 
20 — 6.56 
19 2.940 
18 BA Tek 
17 payee 
16 D8 
15 —10.33 


We thankfully acknowledge that this research was furthered by a grant 
from the SMITHSONIAN INSTITUTION. 

We also thank Mr. J. A. VAN LAMMEREN, phil. nat. cand., for his helpful 
assistance with the measurements and calculations. 


Summary. 


In this communication we relate about measurements of the dependency 
on pressure of the velocity W of sound in hydrogen gas at hydrogen 
temperatures. The results are given in Table I. From these measurements 
we calculate (c,/c,.),=0 by an extrapolation to p=0 (see Table II). 

We found that it is possible to represent the dependency on pressure 
by means of the formula W2—WN (1+ Pp+ Qp?). The coefficients of 
this formula are represented in Table III. From known values of the 
second virial coefficient B together with values of S, derived from the 
coefficients P of the quadratic formula mentioned, we calculated B as a 
series according to powers of 1/T including the third one. A set of values 
of B calculated from this formula are given in Table IV. 


ERRATA. 


W.H. KEESOM and A. v. ITTERBEEK, Proc. XXXIV, 1931, 


p. 207: Table II 5th column: omit 104, 
p. 208: Table ITV 5th column: omit 104, 
p. 208 fig. 2: for 160 106 read 160 102. 
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Physics. -— Measurements about the velocity of sound in oxygen gas. 
By W. H. Keesom, A. VAN ITTERBEEK and J. A. VAN LAMMEREN. 
(Communication N°. 216d from the Physical Laboratory at Leiden). 


(Communicated at the meeting of September 26, 1931.) 


§ 1. Introduction. Measurements about the velocity of sound in 
oxygen at low temperatures were only done till now by Cook!) at 
temperatures obtained with liquid air. He used the KUNDT’s method. We 
estimated it to be interesting to measure the velocity of sound in the whole 
temperature range from 0°C down to —196°C, by using our more 
accurate method, elaborated and applied to helium?) and hydrogen3) in 
our previous communications. 

As explained in previous communications, such accurate measurements 
enable us to draw conclusions about the ratio of the specific heats at 
constant pressure and constant volume and also about the second virial 
coefficient. Concerning these values other experimenters have already 
performed measurements. SCHEEL and HEUusE#) determined cp, by a 
calorimetrical method, at the temperatures —76° C and —181° C. NIJHOFF 
and KEESOM®5) determined the second virial coefficient B at temperatures 
of liquid ethylene, CATH and KAMERLINGH ONNES®) deduced values of B 
down to —189°C from measurements of the pressure coefficient. 

The measurements, treated in this communication, enabled us to calculate 
Cpr Cor CplCo and (c,/c.)p=0 over the whole temperature range mentioned 
and moreover to deduce a relation between B and the temperature in a 
range extending from liquid ethylene down to liquid oxygen temperatures. 


§ 2. Method and apparatus. We followed the method described in 
Comm. N°, 21362). To determine the temperature we used a platinum 


resistance thermometer. 
The oxygen was obtained by fractional evaporation of commercial pure 


oxygen. 


1) §. R. Cook, Phys. Rev. 23, 212, 1906. 

2) W. H. KEESOM and A. VAN ITTERBEEK, These Proceedings : 33, 440, 1930; 34, 204, 
1931; Comm. Leiden Nos. 209a and 2136. A. vAN ITTERBEEK and W. H. KEESOM, 
Wis- en Natuurk. Tijdschrift 5, 69, 1930; Comm. Leiden, N°. 209c. 

3) A. VAN ITTERBEEK and W. H. KEESOM, These Proceedings 34, 988, 1931 ; Comm. 
Leiden N°. 216c. 

4) K. SCHEEL and W. HEusE, Ann. d. Phys. (4), 40, 473, 1913. 

5) G. P. NHOFF and W. H. KEESOM, These Proceedings: 28, 963, 1925; Comm. 
Leiden N°. 1796. : 

6) P, G. CATH and H. KAMERLINGH ONNES, Arch. Néerl. sér. IIIa. 6, 1, 1922; Comm. 
Leiden, No. 156a. 
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§ 3. Experimental results. 
a. Measurements at 0° C. The results of these measurements are 
given in Table I. 


TABLE I. 
Velocity of sound in oxygen at 0°C 
R - Diam. | Length or Ww 
Setar mm | 0°C mm pak Sat m/sec 
m/sec 

Ri 25.9 | 301.4 314.0 ) 
B54 

Ru 62.0 | 297.7 Si478 cl) 


In this table W.,, means the average value obtained from several 
observations and W the velocity of sound corrected for the influence of 
the wall. This correction was made by means of an extrapolation to an 
infinite diameter, based on the measurements in both resonators R, 
and R,1). 

SCHEEL and HEUSE2) and SCHWEIKERT?) found respectively for the 
velocity of sound the values 315.2 and 315.8 m/sec. We see that our value 
315.4 agrees with theirs. 

b. Measurements at temperatures of liquid ethylene. The results of 
these measurements we give in Table II. 


TABLE Il (July 14th, 1931). 


Velocity of sound in oxygen at liquid 


ethylene temperatures 


eo Pressure Stare Ww 
at naeee m/sec 

164.63 0.9075 244.0 24453 
160.61 0.8930 240.7 241 0 
155079 0.8747 237ml 237.4 
[ita 0.8311 228.7 229.0 


These measurements 4) were done by means of the wide resonator R,,. 


!) E, GRGNEISEN and E. MERKEL. Ann. d. Phys. (4), 66, 352, 1921. 

2) loc. cit. 

3) G. SCHWEIKERT. Ann. d. Phys. (4), 48, 590, 1915. 

*) At these measurements we have operated with the same quantity of gas, so that we 
can consider the density to be constant in first approximation, because there was only a 
small percentage of the gas in the connecting tubes at room temperature. 
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We calculated the velocity of sound for the free gas from the observed 
one according to the method applied in Comm. Nos, 209a, c and 2135. 

c. Measurements at temperatures of liquid oxygen. In this tempera- 
ture range we measured the dependency of the velocity of sound on 
pressure. The results are given in Table III. 


TABLE Iil. 
Velocity of sound in oxygen at liquid oxygen temperatures 
Resonator Ri. 
Date of the th Pressure Wobs Ww 
measurement &K at Sifese m/sec 
July 3rd, 1931 90.00 0.8453 178.2 178.3 
Star 0.6732 178.8 178.9 
3rd, 0.3981 179.9 180.0 
8th, 0.1713 180.8 181.0 
June 11th, 193t 86.27 0.5202 Wie 175.3 
july Stdie , 0.4680 175.4 175e0 
June 12th, ,, A: 0.4373 175.6 LWASGT/ 
12th, 0.3473 176.0 176.2 
July 3rd, 0.2979 176.1 176.3 
June 12th, , fe 0.2822 176.3 176.4 
July 3rd, 0.2040 176.5 176.6 
June 12th, 0.1552 176.9 Wireoil 
June 13th, 1931 83.80 0.3932 172.8 172.9 
13th 0.3368 17322 W735 
jee Sth, aes 4; 0.2674 17355 173.6 
Julyoe othe: 5 0.2102 173.8 7 Sa 
June 13th, ., : 0.2008 173.7 173.8 
13th i 0.1384 174.0 742 
July 8thi® 5 “| 0.1295 Wee 3 174.3 
July 9th, 1931 77.48 0.1915 166.6 166.7 
Oth, eee * 0.1447 167.1 167.3 
i on Dthire oie 0.1035 167,3 167.5 
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In Fig. 1 we plotted W as a function of p. 


AB2 N./SEC. 


178 


4 
J Aegean. P 0.4 08 AOAT. 


Fig. I. 
V June 12th, © June 13th, A July 3rd, © July 8th, © July 9th. 


We observe that the variation with pressure is small compared with 
that obtained for helium and hydrogen. ; 

The value 173.9 observed by Cook!) for the velocity of sound at the 
temperature —183°C, and the pressure 0.657 at. is smaller than ours, 
under the same conditions. 


§ 4. Calculations. a. 0°C. -By means of the formulas mentioned 
in Comm. N°. 209c, we calculated from W the values c,/c., (Cp/C)p=0, Cp 
and c,. We deduced the terms B, dB/dT and d?2B/dT2, wanted in this 
calculation, from a quadratic formula B—f(1/T), calculated by means of 
known values of B at the neighbourhood of 0°C. These values were 
derived from NijHOFF and KEESOM2). 


1) loc. cit. 
2) loc. cit. 
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Table IV gives the results. 


TABLE IV. 
(eG. 
| Pressure Cp c, at eves 
at cal/mole cal/mole Land poo p=0 


0.985 | 6.98 | 4.97 | 1.404 | 1.402 


b. Temperatures of liquid ethylene. We calculated cp/c., (cp/c)p=o, 
cp and c, in the same way as at the temperature 0° C. 


The values of B, dB/dT and d2B/dT2 we deduced from the formula 


580. 4.50. 104 
3 = 
10°B=+ 1.93 —= 72 


laid through known values of B at these temperatures. 
For the results see Table V: 


TABLE V. 
Liquid Ethylene Temperatures. 


1 Pressure | c Poe cc, aan 
NE at | cal/mole cal/mole F F tig 
164.83 0.9075 7.00 4.96 1.408 1.401 
| 160.61 0.8930 7.03 5.00 1.406 1.398 
155.79 0.8747 7.02 4.99 1.407 1.399 
| 144.84 0.8311 6.99 4.96 We a 1.402 


It appears that the ratio (c,/c,),—o is constant within the limits of 
_accuracy and equal to 1.400. 

c. Temperatures of liquid oxygen. It proves to be possible to represent 
the observed data of table III at the temperatures 90.00° K and 86.27°K 
by a quadratic formula of the form 1) 


W2—N (1-+ Pp + Qp?) 


and those at the temperatures 83.80° K and 77.48° K by a linear formula 
in p. We calculated the coefficients N, P‘and Q with the method of least 
squares. 


1) Compare Comm. Leiden Nos. 2136 and 216c. 
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Further we calculated the ratio (c,/c.)p=o from the coefficient N. From 
the coefficient P we deduced the values of 
d’*B 


T2 


A elds Fotis T+ aE dT?’ 


For the results of these calculations see table VI1). 


TABLE VI. 
T N P a 

S$. 103 EP 
°K m/sec)? at—! at — a | (<,/¢0) PaO 
90.00 33027 — 0.04948 | 0.006170 | — 8.15 1.412 
86.27 31597 — 0.05623 | 0.007689 | — 8.88 1.409 
83.80 30567 — 0.05250 = — 8.05 1.404 
77.48 28353 — 0.09902 a — 14.04 1.408 | 


We observe that the values of (c,/c,)p=o are a little greater than 1.400. 
This fact might express, that the rotational energy is not completely excited. 
However, if we calculate the rotational energy by means of the formulas 2) 
deduced for it, we find, that at liquid oxygen temperatures this energy has 
already reached its full value. About the question whether the rotational 
energy shows deviations from the classical value or not, we cannot con- 
clude from our measurements. 

In a previous communication’) we indicated how it is possible to 
establish from measured values of S together with known values of B, a 
function of B with temperature. 


From the value of B at the temperature 120.53 °K, the value of a at 


the temperature 123.10°K, calculated from measured values of B in this 
temperature range, and from an average of the two measured values of S 
at the two highest temperatures we calculated the quadratic formula 


10°. B=— 36.454 907 Sot 2. Ul) 


For comparison we give in table VII the values of S measured and the 
values of S calculated from the formula (1). 


!) Bor the meaning of 4 see Comm. Leiden Nos. 209c, 2136, 216c. 

2) See e.g. H. BEUTLER, Zs. f. Phys. 50, 598, 1928. For the value of the moment of 
inertia we took I = 19,20. 10-40 (W. OSSENBRiGGEN, Zs. f. Phys. 49, 167, 1928). 

3) Comm. Leiden N®, 216c. 
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TABLE VII. 
7 103 § 103 S 
TAG measured calculated 
90.00 ae fot BY nls 
86.27 OTs OOS 
83.80 =e OR05: — 9843 
77 .48 — 14.04 hie DZ: 


In table VIII we mentioned a series of values of B calculated from the 
formula (1). 


TABLE VIII. 
Values of B. 


From the formula (1) it follows that at a temperature T—90.12°K 


10.3 B—=—15.50, 
calculated by means of the formula of CLAPEYRON 1) =—15.91, 
. by CATH and KAMERLINGH ONNES 2) =—10.6, 
¥, by means of the “average empirical 
reduced equation of state’ 3) = — 16.87. 


By means of the values of B, dB/dT, and d*B/dT? according to the for- 
mula mentioned above we calculated c,/c,, cp, c. for several temperatures 
and pressures, see table IX. 


') For the method used for these calculations, cf. M. C. JOHNSON Proc. Phys. Soc. 42, 
170, 1930. Dr. W. TuYN was so kind to give us this result, which he calculated for an 
other purpose. 

2) loc. cit. 

3) H. KAMERLINGH ONNES and W. H. KEESOM. Encycl. d. Math. Wiss. V 10, 615, 
1912, Comm. Leiden, Suppl. No. 23, 117, 1908. 
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TABLE IX. 

df Pressure c cn ae 
°K at cal/mole cal/mole rn 
90.00 0.0 6.80 4.82 1.412 
0.5 7.64 5.27 1.449 

0.9 8.32 5.60 1.485 

| 

86.27 0.0 6.84 4.85 | 1.409 
0.3 7.42 5.16 1.437 
0.6 8.01 5.45 1.470 

83.80 0.0 6.90 4.92 1.404 
0.2 (fred Cyn 1.427 

0.4 7.74 5.33 1.452 


We find the specific heat c, to be equal to 8.40 cal/mole at the tem- 
perature 90°K and the pressure 0.95 at, whereas the value, found by 
SCHEEL and HEUSE, was 7.30 at the temperature 92° K and at the same 
pressure. 

We thankfully acknowledge that this research was furthered by a grant 
from the “Fonds National de la Recherche scientifique’ of Belgium. 


Summary. 


In this communication we related about measurements of the velocity 
W of sound in oxygen at 0° C, at liquid ethylene temperatures, and at liquid 
oxygen temperatures. 

From the measurements at 0° C (Table I) and at liquid ethylene tem- 
peratures (Table II) we calculated c,, c, cp/c., and (c;/c.)p=o (Table IV 
and V). At liquid oxygen temperatures we measured the dependency of 
the velocity of sound on pressure (Table III). We found that it was 
possible to represent these observations by means of the formula W2—= 
N (1+ Pp+ Qp2) (Table VI). From the coefficient N we calculated 
(cp/c.)p=o. From these measurements we deduced also a formula for B as 
function of T for the temperature range from 137° K down to 86°K. A 
list of values of B is given in table VIII. With the given formula for B 
we calculated c,, c., cp/c. (Table IX). 


Chemistry. — Synthesis of 1-ethyl-3-oxo-1 : 2:3: 4-tetrahydroquin- 
oxaline. By P. VAN ROMBURGH and W. B. Devs. 


(Communicated at the meeting of September 26, 1931.) 


In a communication published some time ago!) on the action of acetic 
anhydride and zinc chloride on dinitroderivatives of diethylaniline HUyYSER 
and one of the authors (v. R.) concluded that the products formed by the 
above mentioned reaction are to be considered as derivatives of tetra- 
hydroquinoxaline and should be represented as nitrated 1-ethyl-3-oxo- 
1.2.3.4-tetrahydroquinoxaline. 

This conclusion was based on their chemical behaviour. It seemed 
desirable to furnish final proof for the correctness of the proposed formulae. 

Therefore we have tried in the first place to synthesize the 6-nitro- 
derivatives of the above mentioned substance by the following reactions : 

A\NCHs 
Gee 


NOHs 
CH,Cl , COOHC; | | CH,—COOCH; NHO; 
——$—$— —_——— 


xa Roe, 


Ver a _ nC 
| fn CH,—COOCH; NH,SH fy CH; 
ON NO, Se ON NEC 

The result was not favourable because the reduction of III with ammo- 
niumhydrosulfide yielded only an amorphous substance of a dark brown 
colour from which no definable product could be obtained. 

Thereupon we tried the following way, which proved to be more 
successful. 

We prepared 3-oxotetrahydroquinoxaline according to PLOCHL2) and 
this substance was ethylated. 


7a 
ce CoH | ‘ NO GH. 
a ‘ | 
—NH—CO + —NH-CO 


If the proposed formulae for the anhydroproducts formed by the reaction 
of zinc chloride and acetic anhydride on the dinitrodiethylanilines were 
right, the above mentioned ethylated product might be obtained by reduct- 


1) These Proceedings XXX, 845 (1926). 
2) Ber. 19, 8 (1886). 
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ion of the anhydro products followed by the substitution of hydrogen for 
the amino-groups. 


__CHs CoH; nos 
—N—CH, Reduction as Cus peerewtOn N—CH, 
NO, —NH—CO -H.N XN NH—CO et 2 CO 


The investigation showed that both products were identical. 


Experimental. 


Methyl ester of phenylethylaminoacetic acid. This ester was prepared 
by heating a mixture of 1 mol of chloroacetic ester with 2 mol of ethylaniline 
at 130°. The reaction product after being cooled was poured into water and 
the separated oily product dissolved in ether. After removing the solvent, 
the residue was distilled under diminished pressure. An almost colourless 
oil distilled at 145—146° under 18 mm pressure. 


Methyl ester of 2.4.dinitrophenylethylaminoacetic acid. 

Two parts of nitric acid (1.4) were slowly dropped into a rapidly stirred, 
cold (0°) solution of one part of the above mentioned ester in three parts 
of acetic acid. After the total quantity of the nitric acid had been added, the 
mixture was allowed to stand for half an hour and then poured into water. 
A dark coloured crystalline product separated. This was recrystallised from 
alcohol, and formed yellow cristals melting at 119° which proved to be a 
dinitroderivative of the ester. 


Analysis. Found: C 47.05, 47.11 H4.61, 4.67 N 14.54, 14.68 
Calculated for C,,H,3,N30,: C 46.64 H4.59 N 14.84 


In order to determine the position of the nitrogroups, this product was 
oxydised with chromic anhydride. 

1 g dissolved in 5 cc of boiling acetic acid were treated with 5 cc of a25 % 
solution of CrOgz in acetic acid and water (1:1). After the reaction was 
over, water was added and an yellow product separated. It was filtered 
off and recrystallised from alcohol. The product formed in this reaction 
proved to be 2.4 dinitroaniline. It melts at 180° and did not show a depres- 
sion of the m.p. when mixed with an authentic sample of 2.4 dinitroaniline. 


Analysis. Found: N 22.93 
Calculated for CgH;N304: N 22.95 


In order to reduce the nitrogroup in position 2 the nitrated ester was 
treated with ammonium hydrogen sulfide at 50°. The product formed in the 
reaction was a dark brown mass from which no crystalline product could 
he obtained. 


1006 


Ethyloxotetrahydroquinoxaline. 

I. According to PLOCHL o.nitrophenylaminoacetic acid!) was pre- 
pared and converted by reduction with tin and hydrochlorid acid in 
oxotetrahydroquinoxaline, m.p. 129°. This product (1 mol) was heated 
with a little more (10 %) than 1 mol of C,H;I in a sealed tube at 100° for 
two hours. The solid content of the tube was dissolved in alcohol, the 
greater part of the solvent evaporated and the remaining solution taken up 
in ether. The etherial solution was shaken with a solution of sodium thio- 
sulfate to remove any traces of free iodine. The residue, after removal of the 
ether, was dissolved in alcohol. On adding water to this solution an oily 
product separated, which soon crystallised. On further repeating this proce- 
dure a colourless product was obtained m.p. 98—99°, which proved to be 
the above mentioned substance. 


Analysis. Found: C 68.03, 67.97 H 6.78, 6.79 
Calculated for CygH,;.ON.: C 68.18, H6.81. 


Il. The reaction product from 2.4 dinitrodiethylaniline with zinc 
chloride and acetic anhydride was reduced with iron and hydrochloric acid. 

The substance was suspended in the hot acid and iron powder added in 
small quantities. This caused the substance to dissolve. The solution was 
filtered to remove the excess of iron, evaporated until almost dry and 
the residue dissolved in alcohol. By passing a stream of hydrogen chloride 
through the solution white crystals of the hydrochloric salt of the new base 
deposed. M.p. above 250°. 

This salt was treated at 0° in alcoholic solution with sulfuric acid and 
sodium nitrite, and the mixture was heated on a waterbath until the evolution 
of nitrogen had ceased. After neutralisation a dark product precipitated. 
This was purified in alcoholic solution by boiling with animal charcoal and 
further by use of the procedure described above for the purification of 
ethyloxotetrahydroquinoxaline. 

The pure product melted at 96° and did not, give a depression of the 
m.p. when mixed with the synthetically prepared product. 

From the identity of these products we conclude that the nitrated: 
anhydroderivatives formed in the reaction of zinc chloride and acetic anhy- 
dride on dinitrodiethylaniline possess the structure assigned to them by 
HuysER and one of the authors (v. R.). 


1) Attempts to obtain o. nitrophenylethylaminoacetic acid by the action of o. nitroethyl 
aniline on bromoacetic acid, even in the presence of pyridine, were unsuccessful. 


Chemistry. — Cataphoresis of Amino Compounds. By H. R. Kruyt and 
J. J. WENT. 


(Communicated at the meeting of September 26, 1931.) 


In the colloid chemistry of the proteins a positive charge is supposed to 
arise in a proteine particle because in an acid solution the aminogroup 
combines with the acid through which a kation becomes inner layer of the 
electric double layer1). In the same way arises in alkaline solution a nega- 
tively charged particle because the formed carboxyl salt furnishes a 
negatively charged ion as inner layer of that double layer. Meanwhile we 
hardly dispose of experimental data whether in fact an animo group leads 
to a positive electrokinetic potential. 

A first attempt to provide data in this case has been made by J. J. 
HUIZING 2) in his thesis. As, however, he used the technic of the cuvette 
according to VAN DER GRINTEN$) and as this technic has proved later on 
to produce doubtful results4+) it was necessary to repeat and extend his 
experiments with an other and more certain technic. Obviously one had to 
choose for this a macroscopic method, but the peculiarities of the systems 
which are here objects of research make it impossible to follow this way. 
Suspensions of substances are obtained most of the time by dissolving them 
first in alcohol and then by pouring this solution into water. It appears that 
in this way generally only very diluted instable suspensions are obtained 
which on that account are difficult to measure according to methods in an 
U-shaped tube in which moreover they move with fading boundary- 
surfaces. 

So these diluted suspensions demand a microtechnic in which separate 
particles are observed in their cataphoretic movement. This is why.we have 
returned to the technic described by H. R. KruyT and A. E. vAN ARKEL5). 
Only this cuvette has the disadvantage to be adjusted with an adhesive 
(picein) which can present difficulties of polluting the sols which are to be 
examined. 

One of us (WENT) tried to give a shape to the cuvette of KruyT and 
VAN ARKEL where adhesives are completely excluded and he succeeded; 
the following experiments have been made with that cuvette. 


') Cf. H. R. KruyT, Colloids, Chapter XIV (New-York 1930). 

2) J. J. Hurzine, Diss. Utrecht 1928. 

3) K. VAN DER GRINTEN, J. Chim. Phys. 23, 226 (1926). 

4) H, R. KruyT and G. S. DE KADT, Koll. Beih, 32, 249 (1931) Vide espec. p. 273. 
5) H. R. KRuyT and A. E. vAN ARKEL, Koll. Z. 32, 91 (1923). 
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The Cuvette. 


A number of glass pieces of about equal dimensions as were used by 
KRUYT and VAN ARKEL are provided with tiny holes in which pins are 
fitted which are soldered in a brass bottom plate a (see fig. 1). The glass- 
plates are well fixed by these pins while four clips k press the plates firmly 


| 2: WAPAIAT WAPADAL UL WEE PPL VALPAI he | 
CLLLLLILILEL ELBA NLP MLE LL EL 2 


Ezz Glass 

[ZZ ~=Gopper 

ass====s= Electrode 
Rigel: 


together. The bottomplate a fits exactly in the slide of the object table of 
the microscope through which good adjustment is easely to be got. 

Platinum electrodes were used. The optic system consisted of a Zeiss- 
paraboloid-condensor, a Reichert-objective 4c, a Zeiss-ocular 4. An ocular 
micrometer which had been compared with a Zeiss-object-micrometer served 
for measuring the distance covered by the particles. A stopwatch divided 
into 1/; seconds served for time-measuring. The covered distances were in 
the order of 0.1, 0.2, or 0.3 m.m. The light passed through a watercuvette in 
order to absorb as much as possible the thermic irradiation 1). 

The used voltage amounted to 10 volts in all measurements, the distance 
of. the lectrodes to about 2 c.M. The microscope was focussed at medium 
height of the cuvette and all the measurements were done on this level. 
Provisional measurements had taught us that by this way of measuring 
good results are obtained. Before long we will return to the question 
whether the theory of the open or of the closed cuvette must be applied. 


1) It appeared very well possible to adapt the cuvette for constant temperature. A hollow 
piece of brass through which water is pumped from a thermostate is placed on the two 
pins I and II of fig. 1. Thus a difference of some degrees with the room temperature 
proved to be easely compensated. For the rest this apparatus has not been used in the 
following experiments. 
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The measured sols and their preparation. 


Most of the sols were obtained by dissolving the organic substances in 
alcohol and pouring into water. We saw to it that the final concentration 
of alcohol did not exceed 1 %. The choice of the substances to be examined 
was limited to those which lent to a sol-preparation as mentioned above. 
Only three sols were prepared in an other way: aniline was simply 
emulsionized by shaking it with water, diphenylamine likewise above its 
melting-temperature (the particles solidified when cooling down) and a 
f-naphtylamine-suspension was made in cooling down a supersaturated 
solution in water. After many experiments our choice has been fixed on the 
following substances: 


a. aniline d. naphtalene g. anthracene 

b. diphenylamine e. f-naphtylamine h. 9 amino-anthracene 

c. pseudo-basis of f. 1.5 naphtylene- i. f-amino-anthracene 
cristalviolet diamine 


The organic substances were carefully purified preparations. The pseudo- 
basis of cristal violet was obtained by treating the hydrochloric acid salt 
with an excess of NaOH and a prolonged washing of the precipitate which 
there-upon was recristallized. 


Results of the measurements. 


In the following table one will find the result of our measurements. The 
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cataphoretic velocity has been given in w pro second for a potential gradient 
of one volt pro c.M. Since the measurements have been made by addition 
of increasing quantities of hydrochloric acid one will find in the first column 
of the table the HCl concentration in millimols pro litre. The mark — is 
meant to indicate that the particle is negatively charged, that is to say 
moves towards the anode; the mark + is meant to indicate that the. 
particle is positively charged. 
The results of this table are graphically reproduced in fig. 2. 
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Discussion of the results. 


One might think that amino-compounds when peptized in water would 
have to show immediately a positive charge. Our results contradict this 
and it is easily understood that such cannot be the case, for the hydro- 
carbons themselves are negatively charged in water (we have once more 
demonstrated this for anthracene and naphtalene1); we could not succeed 
in preparing benzene-emulsions). If one puts an amino-group in the mole- 
cule of the hydrocarbon one might expect that this group at the surface 
of the particle should be turned towards the water as being the polar group 
in the molecule. However, it is improbable that generally one amino-group 
should be able to call an entire reversal of charge of the surface. If however 
one increases the polarity of the group by turning the amino-group into a 
substituted ammonium ion, the positive character will have to be strongly 
increased by it. 

Let us take the point of view which is surely allowed here, that a greater 
cataphoretic velocity also means a greater boundery-surface potential 
(“higher charge’) ; then appears in fact in all the three series mentioned 
above, that hydrochloric acid reduces the negative charge and in many 
cases causes a reversal of the charge. 

Naphtalene is evidently negatively charged. Addition of hydrochloric acid 
reduces this charge without leading to a reversal of charge. B-naphtylamine 
has a lower negative charge than naphtalene; addition of HCl leads to 
discharge, in higher concentration occurs a reversal of the charge. When a 
second amino-group is put into the molecule it appears that the diamino- 
naphtalene in water has again a lower negative charge, is reversed in 
charge already at 1 millimol hydrochloric acid and shows evidently a 
stronger positive character. 

In the series of the anthracene we observe the same fact. The hydro- 
carbon is only dischargeable; also the amino-anthracene is discharged, it is 
true, but the one aminogroup in the large anthracene molecule is not able 
to achieve a reversal of the charge. Only with the 9 amino-anthracene 
where the amino-group is placed in the peculiar position, symmetrically in 
the second benzene-nucleus, reversal of the charge is possible. For the rest, 
the succession of the negative charges for these three substances in water 
is absolutely comprehensible. The mutual situation of the curves for B-naph- 
tylamine and f-amino-anthracene is normal too. 

As for the series for one single benzene-nucleus, as said before, we were 
not able to measure the system of benzene and water. Analine is strongly 
negative and it is not reversed in charge by hydrochloric acid; this is only 


1) As a matter of fact naphtalene is difficult to bring into suspension. The obtained 
suspensions of this substance are so instable that again and again a fresh suspension has 
to be prepared. With all the other suspensions the whole series of hydrochloric acid 
concentrations could be measured on one and the same preparation. Consequently one sees 
in fig. 2 that the determinations of naphtalene are affected with the greatest inaccuracy. 
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possible with diphenylamine, while the pseudo-base of cristalviolet with her 
numerous NHg groups proves to be decidedly positive, and even in pure 
water produces a positive sol. 

As a matter of fact, the cataphoretic behaviour of the amino-compounds 
shows actually a great conformity with that of the so-called positive in- 
organic colloids. For THIESSEN1) demonstrated recently that pure FegO3 
produces a negative hydrosol, which, however, is reversed in charge to a 
positive by very slight traces of electrolytes. Only oxydesols absolutely free 
from electrolytes allowed a proof of this; with the amino-compounds this 
conduct is much more easely to be demonstrated, only with the threefold- 
tertiaire amine (the pseudo-base of cristalviolet) one approaches again the 
case of Fe,.O3. The suspension of that carbinol in water is either actually 
positive (the case of Al,O3) 2), or traces of unwashed (and probably 
unwashable) electrolytes have caused this charge. 


So we can finally state that the amino-group undoubtedly gives rise to a 
positive charge and consequently our results are in good harmony with the 
theory of the proteins which has been discussed in the beginning of this 
communication. 

; Van ‘t Hofflaboratorium. 
Utrecht, September 1931. 


1) P. A. THIESSEN and O. KOERNER, Z. Anorg. Chem. 180, 115 (1929). 
2) P. A. THIESSEN and KOERNER, Z. Anorg. Chem. 181, 417 (1929). 


Geology. — On rocks from the Caribbean Coast Range (Northern 
Venezuela) between Puerto Cabello-La Cumbre and between La 
Guaira-Caracas. By L. RUTTEN. 


(Communicated at the meeting of September 26, 1931.) 


In the summer of 1930 I had the opportunity to visit with some students 
the new road between Puerto Cabello and Valencia and between La Guai- 
ra and Caracas and to make a small collection of rocks on the first road 
between El Palito and La Cumbre and on the second between La Guaira 
and the vicinity of Caracas. The available time being very short, our in- 
vestigation could only be cursory. The roads have been superficially map- 
ped in such a way that the findspots could be indicated on the map with 
sufficient accuracy (see accompanying sketches). The purpose of our survey 
was twofold. We had detected on the island of Bonaire a gravel-formation. 
the pebbles of which — partly of gneissic composition — could not have 
originated in the island itself 1). It seemed probable that they had been con- 
veyed to Bonaire from Northern Venezuela in a time, when the island was 
still connected with the mainland, and it was possible that some of the 
pebbles of Bonaire would resemble to some samples of a rock collection 
from the nearest parts of the coast range. In the second place the available 
data on the composition of the schistose rocks which are known to com- 
pose the Venezolan coast range are rather poor so that a description of 
our samples would be of some value for the knowledge of this part of the 
coast range. It is, therefore, desirable to give first a short survey of what 
is known about the petrographic composition of the coast range in the two 
regions visited by us. 

G. P. WALL?) has given: in 1860 some details on the schists of the 
“Caribbean formation” of the Venezolan coast range. They are no more of 
interest. H. KARSTEN 3) published two years later a special essay on the 
geology of the province of Caracas, the petrographical details of which are 
equally no more of any use. W. SIEVERS has visited on his first journey to 
Venezuela the region of Puerto Cabello and Valencia‘); in the description 
of his second voyage®), however, he is much more detailed and explicit. 


1) P. PIPERS, The occurrence of foreign pebbles on the isle of Bonaire. These Procee- 
dings. XXXIV. 1931. p. 169—174. 

2) G. P. WALL, On the geology of a part of Venezuela and of Trinidad. Q. J. Geol. 
Soc. London. XVI. 1860. p. 460—470. 

3) H. KARSTEN, Die geogn. Beschaffenheit der Gebirge der Provinz Caracas. Z. Deutsch. 
Geol. Ges. 14. 1862. p. 282—287. 

4) W. SIEVERS, Reisebericht aus Venezuela. Mitth. Geogr. Ges. Hamburg. 1884. 
p. 272—286. 

5) W. SIEVERS, Zweite Reise in Venezuela in den Jahren 1892—1893. Mitth. Geogr. 
Ges. Hamburg. XII. 1896. 327 pp.. map and sections. 
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He says: 


‘Den nérdlichen Abhang bilden an der Kiiste bei El Palito bis zur Quebrada Valle- 
cito und Limoncito grossentheils krystallinische Schiefer, an denen besonders der... Glim- 
merschiefer auffallt. Er steht hauptsachlich zwischen Cambur und José Luis an, wahrend 
nordwarts gegen das Meer namentlich dunkelblauliche quarzreiche Schiefer erscheinen, die 
iiber dem Glimmerschiefer liegen... Gegeniiber der Quebrada Limoncito steht... flaseriger 
Gneiss an, der von quarzreichen Schiefern iiberlagert wird, und ein typischer Gneiss bildet 
auch das Gestein der Quellen von Las Trincheras. Ausserdem tritt bereits im Unterlaufe 
des Rio Agua caliente bei José Luis rother Granit vereinzelt auf, schwarzweisser, grob- 
kérniger beginnt bei Vallecito... haufiger zu werden, und setzt nun von Limoncito an 
aufwarts das Gebirge, im Verein mit Gneiss, grossenteils zusammen. Namentlich die 
Strecke von Las Trincheras bis La Entrada besteht fast ausschliesslich aus Granit mit 
grossen weissen Feldspathen” (l.c. p. 136—137). 


SIEVERS mentions still other rocks from the neighbourhood of San Este- 
ban, in the mountains S. of Puerto Cabello: micaschist with clorite and 
garnet, calschist and marble (l.c. p. 137). It is rather disagreable that the 
localities José Luis, Vallecito and Limoncito have not been indicated on 
SIEVERS' maps. SIEVERS gives equally information about the region of La 
Guaira: 

»Ilm Westen besteht das Gebirge zwischen Caracas und La Guaira aus Gneiss und 
Glimmerschiefer; vom Meere aus erreicht man sogleich die rothen Lateritfelsen, deren 
Material aus verwittertem Glimmerschiefer entstanden ist, und steigt iiber diesen und 


gelegentlich auftretenden Gneiss zur Passhéhe empor... Granit habe ich nicht gefunden: 
auch scheint derselbe in diesem Theil der Nordkette kaum vorzukommen (l.c. p. 158)”. 


SIEVERS does not doubt, which rock forms the main component of the 
coast range: 

Man muss... die Nordkette... vom Yaracui bis zum Cap Codera als ein Glimmer- 
schiefergebirge auffassen, in dem nur an einzelnen Stellen gréssere Einlagen von Gneiss 
sich zeigen, wie bei Colonia Tovar und an der Silla de Caracas, und einzelne Granit- 
stécke die hohen Gipfel bilden... auch zuweilen in niederigeren Niveaus, wie bei Las 
Trincheras... auftreten” (l.c. p. 159). 

It is clear that SIEVERS regards the coast cordillera as a mountain range. 
composed almost exclusively of micaschists. 

I am sorry that I could not consult a short essay by E. CoRTESE!) on 
the geology of Venezuela. A publication of DALTON?) states that the 
“Carribbean series” of the coast range: 


,includes silvery mica schists... graphitic schists and gneisses’ (p. 205). 


Whilst SIEVERS does never doubt the archean age of the schists of the 
Caribbean range, DALTON, although not pronouncing a definite opinion, 
takes into consideration the possibility that the Caribbean series is paleo- 
zoic or, possibly, even mesozoic. 

A. JAHN 8) indicates in his sections through the coast range concordant 


1) E. CORTESE, Escursioni geol. al Venezuela. Boll. Soc. Geol. Ital. XX. 1901. 
447 —469. 


2) L. V. DALTON, The geology of Venezuela. Geol. Mag. (5). IX. 1912. p. 203—210. 
3) A. JAHN, Esbozo de las formaciones geologicas de Venezuela. Caracas, 1912. 
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superposition of archean schists and gneisses on granite; in his descript- 
ions he follows almost litterally the descriptions of SIEVERS ; in his geologi- 
cal map of Venezuela there is a queer mistake, in so far as he indicates be- 
tween E] Palito and Las Trincheras a large region of cretaceous sediments. 

A short notice of M. REINHARD!) is the first and only one to give some 
more details on the rocks between La Guaira and Caracas: 


Les schistes crystallophylliens dans la région de La Guayra-Macuto sont identiques 
aux schistes de Casanna de nos Alpes. Nous ne voulons nullement leur attribuer de ce 
fait le méme Age; mais il est trés probable quils représentent du Paléozoique ou 
méme du Mésozoique métamorphique... Intercalés dans les schistes crystallophylliens on 
trouve dans la région de La Guayra des gabbros, des amphibolites et des eclogites” 
(pools): 


Although the newest and most extensive publication on the Geology of 
Venezuela by R. A. LIDDLE 2) is a very useful book for all geologists inte- 
rested in the country, it has two bad qualities: it lacks criticism and it re- 
peats itself too often. Both qualities come to the fore in LIDDLE’s descript- 
ion of the coast range. LIDDLE thinks that it is possible to distinguish in 
the schist-formation of the coast range an “older” and a “‘younger”’ series, 
and assures so frequently that the older series is paleozoic that no reader 
will be convinced 3), LIDDLE’s statement has been based without criticism 
on a publication of DREVERMANN ‘), who, long ago, has described some 
silurian fossils which he believed to have come from Venezuela without, how- 
ever, knowing the exact findspot. DREVERMANN’s statement has afterwards 
been contested by SALOMON5), and there exists nowadays no more any 
doubt, that DREVERMANN’s fossils did not proceed from-Venezuela but 
from North America. LIDDLE could know these facts, because the 
title of SALOMON’s publication is found in LIDDLE’s bibliography. As to the 
petrographic composition of the coast range, LIDDLE seems to share SIE- 
VERS’ opinion that micaschists are by far the most frequent rock: 


“‘gneissoid schists, mica and garnet schists, schistose slates and phyllites’ (p. 55). 
“*’..composed chiefly of silvery gray mica schists” (p. 68). 
“‘silvery-gray mica schists, talc schists and garnet schists... are predominant”. 


We shall describe now our rock samples, beginning with those that 
have been collected between La Cumbre (the highest point on the road 
Puerto Cabello-Valencia) and El Palito (see sketch 1). The samples pro- 
ceed from 11 localities. 


1) M. REINHARD, Géol. de la région orientale du Vénézuela. C. R. Soc. Phys. et Sc. 
Natur. Genéve. 39. 1. 1922. p. 13—16. 

2) R. A. LIDDLE, Geology of Venezuela and Trinidad. 1928. 552 pp. 

3) “without doubt paleozoic’’ p. 68; “probably early or middle paleozoic’’, p. 69; 
undoubtedly paleozoic” p. 70; “without much doubt paleozoic’’ p. 71. 

4) F. DREVERMANN, Ueber Untersilur in Venezuela. Neues Jahrb. etc. 1904. I. p. 91—93. 

5) W. SALOMON, Ueber angebliches Untersilur in Venezuela. Z. Deutsche Geol. Ges. 
1909. Monatsber. p. 193. 
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Sample 1. Field observation : 


“Small dike of ?aplite in granite”. The granular 
rock consists of muscovite (in rather large, strongly bent crystals, in smaller crystals, and 


as filling in crush-zones), albite (with traces of idiomorphism, with inclusions of secundary 
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muscovite), potash feldspar (orthoclase and microcline without any idiomorphism), and 
guartz (very cataclastic). The rock has been very strongly crushed: 


cataclastic quartz 
and many micro-crushzones. As there is a trace of sequence of crystallization, it may be 
called a crushed muscovite granite 
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Sample 2. Field observation: ‘‘gneiss’. There are two fragments or rock from 
this locality. 

The first consists of muscovite (in large and small crystals and as sericitic filling in 
plagioclase), quartz (in large mosaics), albite (without any trace of idiomorphism), and 
xenomorphic, perthitic orthoclase, sometimes with quartz-drops. 

The quartz and the albite are more or less clearly arranged in parallel bands. 
muscovitegneiss. 

The second rock differs from the foregoing by smaller grain, and by the occurrence 
of microcline, biotite (in large crystals and in streaky masses), and numberless small 
garnets. It is a garnet-bearing bi-micagneiss. 


Sample 3. Field observation: ‘“‘dikes in gneiss’. Strongly crushed rock, consisting 
of xenomorphic, cataclastic quartz and xenomorphic potashfeldspar (with cataclastic 
margins and microcrushzones, both orthoclase and microcline occurring). Moreover some 
acid plagioclases with partial idiomorphism are enclosed in the potash feldspar. Biotite and 
muscovite only in traces. ?granite-gneiss. 


According to my notes the rocks of sample 2 and 3 occur as far as point M. 31 
(see sketch). 


Sample 4. Field observation: ‘‘gneiss’. Coarse-grained, somewhat schistous rock, 
containing quartz (in large mosaics), muscovite (in large and small crystalls and as 
sericitic filling), potash-feldspar (always xenomorphic, microcline and perthitic orthoclase), 
and albite (in partially idiomorphic, strongly sericitized crystals). gneissic granite. 


Sample 5. Field observation: ‘‘micaschist with veins and lenses of quartz’. Is a 
rather coarsely grained, clearly schistous rock, containing in a substratum of quartz, albite, 
orthoclase and muscovite many prisms of epidote and zoisite and irregular crystals of 
biotite; moreover traces of rutile and haematite. epidote-zoisite bi- 
micagneiss. 


Sample 6. Field observation: ‘‘coarse gneiss’. Wery coarse-grained, schistous 
rock with lenses and layers of: quartz (in mosaics, sometimes strongly cataclastic), 
orthoclase (in large, xenomorphic, perthitic crystals), albite-oligoclase (xenomorphic, 
always with sericite, sometimes with filling of sericite-epidote-garnet), and dark minerals 
(some garnet, apatite, with more epidote and chiefly biotite and muscovite; all 
concentrated in dark spots of the rock). bi-micagneiss or granite gneiss. 


Sample 7. Field observation: ‘?Granite”. Coarsely granular rock. Biotite and 
muscovite with some apatite and zirkon are clearly concentrated in dark spots. Very large, 
perthitic orthoclases may include quartz. Quartz occurs moreover in very large mosaics, 
albite-oligoclase in crystals, that for the greatest part are filled with sericite, only the 
marginal rims remaining free of sericite.bi-micagneiss or granite gneiss. 

According to my notes the same rocks are continuing as far as point M. 71. 


Sample 8. Field observation: ‘‘coarse gneisses with micaschist’”. The gneissic 
sample shows layers, rich in mica, and between them lenses and layers of lighter material. 
The first contain biotite (brown-black), muscovite, many small grains and crystals of 
titanite and some apatite. The lighter lenses contain large mosaics of quartz, large, 
xenomorphic, perthitic orthoclases, in some places many, non-twinned, xenomorphic 
albites, in other places large, twinned albites, with traces of idiomorphism. The rock is 
a bi-mica gneiss. The other sample is clearly schistous; it contains in a 
substratum of much quartz and some, non-twinned albite much biotite and muscovite, 
many small crystals of garnet, many small crystals of epidote-zoisite, frequent grains 
of black ore and large spots of chlorite with quartz-drops; besides traces of zirkon. 
It is a garnet-chlorite gneissic micaschist. 
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Sample 9. Field observation: ‘‘Granite with inclusions of micaschist and in 
contact with micaschist’. No less than six samples have been taken at this locality. Some 
of the ‘“‘granite’-samples contain somewhat idiomorphic albite oligoclase, partly enclosed 
in perthitic orthoclase, fields of strongly cataclastic quartz, whilst muscovite, biotite and 
epidote are concentrated in dark spots. In one section lies a large, idiomorphic garnet- 
crystal. These samples might be called crushed bi-mica granite. The “‘granite’- 
sections from the neighbourhood of the contact have a more gneissic habit: they are 
poor in biotite (frequently chloritized), richer in muscovite; they contain almost no 
sub-idiomorphic plagioclase; they bear many small, non-twinned albite crystals with 
quartz-drops. It is questionable, whether these rocks still merit the name of granite 
gneiss. In some sections there is a clear concentration of muscovite at the contact with 
the schist. 

The schistous samples show still more variation than the “granite”. An inclusion in 
the ‘‘granite’’ consists of a substratum of quartz with albite and orthoclase with much 
biotite and epidote-zoisite: an epidote-zoisite~biotite gneiss. Near the 
contact with the ‘granite’ occur garnet-~bearing micasgschist and garnet 
chlorite-~bimica gneiss. 

According to my notes the same rocks continue rather far to the North and are 
especially visible at the spots M 91—%, 


Sample 10. Field observation; ‘‘Micaschists with veins of ?quartz’”. The schistous 
sample contains in a xenomorphic substratum of quartz, albite (non-twinned, frequently 
with quartz-drops) and less orthoclase many fine, small garnet crystals (110) and, 
especially concentrated in the darker layers, much biotite and lesser muscovite, the biotite 
sometimes having changed into chlorite. The rock is a garnetbearing albite 
bi-mica gneiss. The sample of the ‘‘vein” is a very strange rock, consisting 
exclusively of quartz and diopside, each forming one half of the slide. quartz- 
diopside rock. 


Sample 11. Field observation: “Micaschist’”. The finely schistous rock is 
composed of an intime, rather coarse tissue of muscovite and quartz with many prisms 
of epidote-zoisite, with rather rare, large crystals of non-twinned albite, containing quartz- 
drops and with some chlorite. epidote muscoviteschist. 

According to my notes the rocks of S. 11 are continuing far to the North, and are 
especially visible at the spots S. 111—". I feel, however, not at.all sure that all these 
rocks are true micaschists, as some rocks, which in the field seemed to be micaschists 
(Samples 5, 8, 9, 10) proved afterwards to be gneisses. 


The samples from the road El Palito-La Cumbre give rise to the 
following remarks. 

All the non-finely schistous rocks show evidence of very strong crushing. 
In consequence it is not easy to distinguish between gneissic and granitic 
rocks. True granites, with a clear crystallization sequence, are absent. Some 
rocks, however, bear some evidence of granitic origin. The “granitic” 
features are: 1. slight idiomorphism of the plagioclases, 2. slight zonary 
development of the plagioclases with the most acid parts at the outer 
margin (sample 7), 3. the concentration of the dark minerals in well- 
defined dark spots of the rock, 4. the occurrence of clear eruptive contacts 
(Sample 9). These rocks have been called: crushed granite, granite gneiss 
or gneissic granite. 

The study of the slides shows that true gneisses have a much larger 
distribution in the coast range than the field observations would make 
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suppose. Indeed: of the 11 samples only one (Sample 11) is a normal 
micaschist. 

Most of the samples show no trace of resemblance with the gneissic 
pebbles from Bonaire. This, however, is very comprehensible. The clearly 
schistous rocks, and especially those who contain layers, very rich in mica, 
will not suffer a long transport: after having been rolled only over a 
short distance in a river they will fall to pieces. Only the most resistant 
rocks will suffer a transport in the form of pebbles over about 200 km.. 
this being the distance between the coast range and Bonaire. It is of 
importance that there are indeed some samples which show some relation 
to the pebbles of Bonaire while there is one general character, which is 
common to both groups of rocks. This is the very strong crushing, occurring 
in both, and giving rise to many micro-crush-zones in the rocks and to 
the formation of strongly cataclastic quartzes, and, more rarely, of 
cataclastic feldspars. The samples of the coast range and of Bonaire which 
show some resemblance, are the following. 

The ?granite gneiss of sample 3 is much like a microcline-gneiss from 
Bonaire, the difference being chiefly that the rock from Bonaire contains 
relatively more microcline and no plagioclase. 

Also the muscovite-free parts of sample 4 resemble clearly to a gneiss 
from Bonaire. 


Passing to the samples from the road La Guaira-Caracas, it may be 
stated at once, that there have not been found here rocks which resemble 
to the gneissic rocks of Bonaire. They bear generally another character 
than the schists from near Puerto Cabello. On the one hand there is no 
trace of granitic rocks in the Hinterland of La Guaira, on the other hand 
we find some rocks, not known from Puerto Cabello. These are: 


Sample c. A rock with phyllitic habit, with much calcite in layers and in a vein. 
The slide contains much calcite in irregular crystals, much muscovite and less chlorite 
(both in large and small crystals and in aggregates), very much quartz (in small grains, 
sometimes giving the impression of being clastic), and some feldspar in rather large 
crystals. calcite-micaschist. 


Sample 11. Is a rock, nearly related to sample c, but without feldspar and with 
some titanite. calcite-micaschist. 


Sample a. A granular, very heavy, lightgreen rock with light-red garnets. It 
contains many idiomorphic garnets, containing inclusions of quartz and other minerals, 
much muscovite (in fine crystals and locally as filling masses), many crystals of omphacite 
and fine, idiomorphic crystals of zoisite; lastly numerous small grains and crystals of 
rutile. It is a typical eclogite. 


Sample 3. Two samples have been taken at this locality. The first has much 
resemblance with sample a, differing from it only by the presence of quartz and of pale 
bluegreen hornblende. It is an amphibole-eclogite. The second sample resembles 
macroscopically also to an eclogite. It differs from the former, however, by the absence 
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of omphacite, so that the rock, presenting the mineral combination garnet-amphibole-zoisite, 
must be called a garnet-amphibole-zoisiteschist. 


Sample 1. is a crystalline limestone with very few scales of a mineral that in most 


properties resembles to a colourless mica, whilst, however, the index of refraction is 
considerably lower, being between 1.55 and 1.56. crystalline limestone. 
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Sample 6. Three samples have been collected there. The first isa crystalline 
limestone with muscovite and zoisite, containing moreover pyrite in 
cubi and grains, and quartz in undulously extincting grains. The second sample is a 
crystalline limestone with muscovite, containing quartz (in cataclastic 
grains), some chlorite and titanite with pyrite. The third sample is a garnet- 
muscovite schist (with quartz, rare albite, many garnets, much muscovite and 
some chlorite and titanite). We got the impression that the three types of rocks pass into 
each other. 


Sample 5 and 4 are very simple rocks, being composed almost exclusively of 
foliaceous serpentine with a little black ore in grains and as dust. The rocks are some- 
what schistous. serpentine schist. 
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Samples 2, b, 7, 8, and 9 are all very nearly related to each other. In the 
field they gave the impression of being true injected schists, as they always consist 
of dark layers, rich in mica, interchanging with colourless layers, lenses and eyes, whilst 
the colourless parts may even cut the coloured bands. It has been, however, impossible 
to state under the microscope any sequence of crystallization in the lighter bands, so that 
it is impossible to prove that the rocks are really injected schists. As they all have the 
mineral composition mica, feldspar and quartz, they must be called banded mica 
gneisses. It is desirable to add the following details. 

The feldspar is most commonly untwinned albite, which in some samples is the only 
feldspar. We have then mica-~albite gneiss. In most samples, however, there 
occur also orthoclase and microcline. Only in very few crystals of some of the samples 
there is a faint indication of some idiomorphism in the albites. Bij the side of albite there 
may occur a lamelled plagioclase, somewhat more basic (albite-oligoclase). Generally the 
biotite is much more frequent than the muscovite; the latter being even absent in some 
samples. The biotite belongs to three varieties: one very little pleochroitic (colourless to 
pale-green), one light green to dark green, one light brown to blackish brown. The quartz 
occurs in mosaics or as cataclastic masses. In some samples there is a clear banding in 
the colourless parts of the rock, in so far‘as some bands consist almost exclusively of 
guartz, other bands of untwinned albite, others again of potash feldspar. The most 
frequent accessory mineral is titanite, occurring in crystals and in grains; in some samples 
there is much epidote, sometimes probably accompanied by orthite; other accesories are 
apatite, pyrite, magnetite and, in one sample, calcite, occurring in some layers of the rock. 


Sample-10, with pronounced schistosity, contains as colourless minerals non- 
twinned albite and quartz; both without any idiomorphism. The coloured minerals are: 
many prisms and grains of epidote and Zoisite, much chlorite and muscovite and some 
magnetite and apatite. zoisite-~-epidote-muscovite gneiss. 


The samples from the road La Guaira~Caracas show once more the 
predominance of gneisses in the Venezolan coast-range. In contradis- 
tinction with SIEVERS’ and LIDDLE’s opinion we see that micaschists are 
rare: only sample 11 and c merit this name. It must, however, be remarked 
that in the field many rocks give the impression of being micaschist; the 
microscopical investigation shows then, that by the side of quartz there is 
always much feldspar in the rock. 

Whilst there is generally much difference between the rocks on the road 
E] Palito-La Cumbre and La Guaira-Caracas, there are also affinities. In 
the first place we find that on both roads the less strongly metamorphosed 
rocks are found near the coast. The calcite-muscovite schists from near 
La Guaira (samples c and 11) and the epidote-muscovite schist (sample 11) 
from the road El Palito-La Cumbre are clearly less strongly metamorphosed 
than all the rocks, farther in the interior. Whilst the rocks from near the 
shore may be reckoned to the epi-zone, the rocks from the interior seem to 
belong mostly to the meso-zone, whilst the eclogites even may. belong to 
the kata-zone of metamorphism. 

A second point of resemblance between the rocks from the two roads is 
that the type which is most common near La Guayra (sample 2, b, 7, 8, 9) 
is also present South of El Palito (sample 8). 
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SUMMARY. 


1. In contradistinction with the opinion, mostly expressed in the existing 
literature the most frequent rocks in the Venezolan coast range seem to be 
gneisses, micaschists occurring only in the neighbourhood of the coast. 

2. The granites of the coast range are strongly crushed rocks, which 
in many respects resemble to gneisses. They do not show any resemblance 
with the abyssal rocks that are known from the islands North of Venezuela. 

3. The schists from the coast range belong partly to the epi-zone 
(rocks from near the coast), mostly to the meso-zone, partly also to the 
kata-zone. 

4. Nothing can be said about the age of the rocks in the coast range. 

5. It is quite possible that the gneissic rocks, occurring as pebbles in 
Bonaire have been derived from the Venezolan coast range, and more 
especially from the Hinterland of Puerto Cabello. 


Utrecht, 17 September 1931. 


Geology. — Some Remarks on the Geology of the Surroundings of 
“Ronde Klip” (East Curagoa). By P. J. PijpERS (Communicated 
by Prof. L. RUTTEN.) 


(Communicated at the meeting of September 26, 1931.) 


In his “Geologie en Geohydrologie van het eiland Curacao” Dr. G. J. H. 
MOLENGRAAFF mentions in the Eastern part of Curacoa tuffaceous forami- 
nifera-limestones and foraminifera-bearing crystal-tuffs. He units these 
rocks under the name of ,,Ronde Klip’’-beds, which he considers of the 
same age as the ,,Knip’-beds. The Ronde Klip-beds were called after 
their occurrence on the Plantation Ronde Klip. On his geological map 
MOLENGRAAFF does not separate the Ronde Klip-beds from the Knip- 
beds. 

During our stay on Curacgoa with Prof. L. RUTTEN we made a few 
investigations on and in the neighbourhood of the Plantation Ronde Klip 
with the purpose to get some view of the composition of the Ronde 
Klip-beds, also in connection with investigations on Bonaire. We sampled 
a great many rocks and made some alterations in the existing geological 
map. 


The Ronde Klip-beds. 


Among the samples are two sedimentary rocks that may be compared 
with the rocks of the Ronde Klip-beds, as described by MOLENGRAAFF. 
They are a tuffaceous limestone from about 300 m. ESE. of the country 
house (landhuis) Ronde Klip and a calcareous crystal-tuff (from 600m. W. 
of the country house Ronde Klip). Similar rocks were found in the 
westernmost part of the Plantation Ronde Klip and in the E. part of the 
Plantation Brievengat). The tuffaceous limestone is a fine-grained 
greyish-brown rock, containing crystals of albite, oligoclase, quartz, mica, 
?hornblende, magnetite, secondary minerals and many remains of orga- 
nisms, the latter chiefly being foraminifera (Nodosaria, Textularia, 
Globigerina). The calcareous crystal-tuff is a fine-grained light-brown 
and grey stratified rock, containing in a very fine-grained matrix crystals 
of acid plagioclase and quartz and several ill-preserved remains of 
organisms, among which some foraminifera could be recognized. 

In the same region (Plantations Ronde Klip and Brievengat) were 
sampled the following other sedimentary rocks: 

A quartz-porphyrite-crystal-tuff. This rock contains crystals of 
plagioclase, quartz and chloritized ferro-magnesium minerals. 

Porphyrite crystal-tuffs. They contain crystals of acid plagioclase, mica. 
hornblende and pyroxene. 
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Radiolaria~bearing quartz-porphyrite-crystal-tuffs. They contain cry- 
stals of acid plagioclase, quartz, hornblende, pyroxene and ?mica. 

A radiolaria~porphyrite-crystal-tuff. This rock contains crystals of acid 
psagioclase, quartz and chloritized ferro-magnesium minerals. 

A radiolaria-crystal-tuff. Contains crystals of plagioclase and quartz. 

A radiolaria-bearing crystal-tuff, containing crystals of chloritized 
plagioclase and quartz. 

A radiolaria-bearing chert. 

All of these rocks are normal Knip-rocks or they have very great 
likeness with the ordinary Knip-rocks..Some of the tuffs show in the 
field a striking resemblance with the tuffs of the Washikemba formation 
on Bonaire1), but microscopically there is a clear difference between the 
Curagoan and the majority of the Bonairean tuffs : 

1. But for a few exceptions, the crystals in the latter tuffs are only 
plagioclase or plagioclase and quartz. 

2. In the tuffs that contain plagioclase and quartz, the quartz is seldom 
so abundant as it is in some of the mentioned Curacoan tuffs. 

3. The crystals in the Curacoan tuffs are more numerous and the 
quantity of remains of organisms is generally greater than in the 
Washikemba tuffs. 

For those reasons we may not quite identify the tuffs of the Plantations 
Ronde Klip and Brievengat with those of the Washikemba formation, 
though in the field one feels inclined to parallel the rocks. 

Another question is: Was there a reason to separate the Ronde Klip- 
beds from the Knip-beds? We have seen that the whole region shows 
real Knip rocks, with the exception of two kinds of rocks: tuffaceous 
foraminifera-limestone and foraminifera-bearing crystal-tuff. Instead of 
speaking of ,,Ronde Klip-beds”, we can just as well say that in the 
neighbourhood of the country house Ronde Klip tuffaceous foraminifera- 
limestone and foraminifera-bearing crystal-tuff appear between the 
ordinary Knip-rocks. And since there have been found pure limestones 
and tuffaceous limestones in the Knip-beds2) the whole separation of 
Ronde Klip-beds from Knip-beds is founded on the presence of foramini- 
fera in the Ronde Klip-beds. I will point yet to the fact that the Ronde 
Klip-beds belong undoubtedly to the basal beds of the Knip formation 
and that L. W. J. VERMUNT and M. G. RUTTEN stated ,,the remarkable 
fact that the basal beds of the ,,Knip’’-strata vary strongly, in composition 
in different parts’ 3). 


1) For a short account of the geological formations of Bonaire, see P. J. PIJPERS. The 
occurrence of foreign pebbles on the isle of Bonaire. These Proc. 34, No. 1, 1931, p. 170. 

2) L. W. J. VERMUNT and M. G. RUTTEN. Geology of Central-Curacoa. These Proc. 
34, No. 2, 1931, p. 275; Geology of the surroundings of ,,St. Martha” and ,,St. Kruis’’ 
(Curacoa), These Proc. 34, No. 4, 1931, p. 558, 559, 561. 

3) L. W. J. VERMUNT and M. G. RUTTEN, l.c., p. 562. 
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Eruptive rocks. 


MOLENGRAAFF makes mention of some diorite-porphyrites and a dolerite 
from this region. The diorite-porphyrites that he has found here, are 
vintlites, Among our samples, partly taken from the areas mapped by 
MOoLeNGRaAAFF as diorite-porphyrite, are several eruptive rocks, the names 
of which follow, illustrated by short descriptions. 

1. Kersantites (L. 474, L. 486, P. 219. P. 222, P. 223, P. 225). 
Generally rather weathered grey or’ brown medium-grained rocks with 
panidiomorphic to panallotriomorphic texture. The chief components 
are feldspar (albite, oligoclase, in some cases oligoclase-andesine and 
traces of orthoclase), mica (biotite), quartz; other components are 
pyroxene, hornblende, magnetite and secondary minerals. 

2. Hornblende-kersantites (L. 462, L. 477, L. 491). A weathered grey 
medium- to fine-grained rock, texture as the other kersantites. Chief 
components are acid plagioclase, biotite, hornblende; in smaller quantity 
quartz, pyroxene, magnetite, apatite and secondary minerals. 

3. Pyroxene-kersantites (L. 474, L. 486). Light-brown medium- 
grained rocks with panallotriomorphic texture. Chief components: feldspar 
(oligoclase and andesine), quartz, pyroxene and biotite; other compo- 
nents: hornblende, magnetite, apatite and secondary minerals. These 
kersantites contain some great quartz-enclosures with reaction rim. In one 
of the pyroxene-kersantites the reaction rim consists of pyroxene and 
feldspar, in the other of pyroxene and mica. MOLENGRAAFF describes such 
quartz-enclosures in the vintlites that he sampled on the Plantation Ronde 
Klip. 

4. Malchite (P. 226). Rather weathered grey medium-grained rock, 
texture as in 1 and 2; it contains sericitized acid plagioclase, hornblende 
(party chloritized), mica, pyroxene, quartz, magnetite and secondary 
minerals. In this rock too, occur some great quartz-enclosures, but without 
reaction rim. 

The pyroxene of all the described rocks is a colourless diopsidic pyroxene. 

As one sees diorite-porphyrites and dolerites were not found; concer- 
ning the diorite-porphyrites we must assume that MOLENGRAAFF gave 
these rocks too great an extension on his geological map. Possibly outcrop 
P. 220 was a diorite-porphyrite; in the field it is a grey, coarse-grained 
rock; weathering with pillow structure, but, as the concerning sample has 
been lost, we can not verify the nature of the rock. 

When one considers the accompanying geological sketch-map, one sees 
that the outcrops of the eruptive rocks partly run parallel to the general 
strike; in the most cases we have to do with sills (L. 474, L. 462 
(partially), P. 219, P. 225, ?P. 220, ?P. 222). It is possible that a part 
of the intrusions took place before the sedimentation of the Midden- 
Curacao-strata (P. 219, P. 220, P. 222); other intrusions must have taken 
place during or after the sedimentation of the Midden-Curagao-strata, 
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as we find eruptive rocks, as sills, between the Midden-Curacao-strata and 
the Knip-, resp. Ronde Klip-strata (L. 474, L. 462, P. 225), and as we 
find intrusions in the Midden-Curacao-strata (L. 474, L. 486, L. 491, 
P. 223, P. 226), partially with a strike diverging from the general strike of 
the Midden-Curacao-strata (L. 486). 

The occurrence of intrusions in the Midden-Curacao-strata was already 
known from Central-Curacoa, from where L. W. J. VERMUNT and M. G. 
RUTTEN described an albitite1) ; in East-Curacgoa we see the phenomenon 
on a much larger scale. 


Contact-metamorphism. 


Special attention must be drawn to a contact-metamorphic rock from 
finding place P. 219, a calcite-garnet rock; it is an unstratified, rather 
_ coarse-grained rock, composed of calcite, garnet and some sericite. 
MOLENGRAAFF also mentions contact-metamorphic rocks from the Plan- 
tation Ronde Klip, but his rocks are slightly metamorphized tuffs; in this 
case the metamorphism must have been much stronger. 


Midden Curacao-strata. 


As the rocks of the Midden-Curacao-strata in this region do not differ 
from those found in the other parts of Curacoa, I need not go into this 
matter anymore. Two of the collected rocks contain numerous little mica- 
plates, which we have to consider as foreign material; I can refer for 
them to the publication of L. W. J. VERMUNT and M. G. RUTTEN2). The 
intrusions in the Midden-Curacao-strata have already been dealt with. 


The geological sketch-map. 


Finally something must be said about the accompanying geological 
sketch-map. The limits of the Quaternary limestone and, partially, those 
of the Knip-, resp. Ronde Klip-strata, have been taken from the geological 
map of MOLENGRAAFF. The limits between Midden-Curacao-strata and 
Knip-, resp. Ronde Klip-strata, have been somewhat changed. The diorite- 
porphyrites and dolerites of MOLENGRAAFF have not been put on our map. 


1) L. W. J. VERMUNT and M. G. RUTTEN, l.c. p. 272. 
2) L. W. J. VERMUNT and M. G. RUTTEN, l.c. p. 272 and 273. 
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Geology. — Some remarks on the Geology of N. Curacoa. By L. W. J. 
VERMUNT and M. G. RUTTEN. (Communicated by Prof. L. RUTTEN.) 


(Communicated at the meeting of September 26, 1931.) 


In connection with a visit, brought to the environs of Porto Marie 
and Sint Kruis — both situated in the NW. part of Curacoa — an 
excursion of geological students of Utrecht under the direction of 
Prof. L. RUTTEN, made investigations in the vicinity of the Plantation 
Savonet for about a week. Several days were spent in gathering fossils 
in the Seroe Teintje limestone and in the Seroe di Cueba beds, about 
which publications will follow later on. Likewise there were taken some 
profils through the great region of Knip beds in the northermost part of 
the island. 

The boundaries in MOLENGRAAFF’s geological map1) appeared to be 
well nigh correct. Only some insignificant divergences occurred. From 
a great number of dips and strikes, which we were able to collect, it 
became evident, that the general strike remains about N. 110—130°E. 
in the northernmost outcrops, so that we could not notice a bending of 
the strikes. 

The stratigraphy of the Knip beds in this region is very complicated 
and exceedingly variable, as in the environs of Sint Kruis2). In 
consequence we are not able to say something further about the tectonical 
features of the Knip-region. In a few places we could trace some beds 
for a little distance, but, without one or other striking reason these zones 
terminate abruptly. 

In the first place it is striking that the ridges of the high hills consist 
almost exclusively of black cherts and radiolarites, nearly without 
tuffaceous, sandy or shaly intercalations. The centre of this zone is 
situated round the Sint Christoffel (Sint Christoffel, Seroe Gracia, Seroe 
Batata and Seroe Palibandera), from where a branch first goes to the 
W. and afterwards to the S. (Seroe Oen Blanchie, Seroe Baha Hoendoe, . 
Seroe Bientoe, Seroe Francisco Jobo, Seroe Pascoe, and Seroe Comman- 
dant, in the neighbourhood of Sint Kruis). Another branch goes to the 
NNW., undoubtedly as far as 500 m. N. of the Seroe Boosman (Obser- 
vation W 306, W 305). 

NE. of the Seroe Mangel, over the spurs of this mountain and the 


1) G. J. H. MOLENGRAAFF, Geologie en Geohydrologie van het eiland Curacao. Diss. 
Delft 1929. ; 

2) L. W. J. VERMUNT and M. G. RUTTEN, These Proceedings, XXXIV. 1931. 
p. 558—563. 
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Seroe Pretoe lies a broad zone of chert-breccias coinciding with the 
general strike. This zone may be traced over a presumptive fault or 
flexure, which utters itself also in the topography to the Seroe Manuel 
(Obs. L 340, P 188, P 189, P 199). It is possible that a continuation 
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of this zone can be found over the Seroe Waoe on the one side, and 
the Seroe Malé and the Seroe di Sabana on the other side, but these 
mountains have not been visited by us. 

Moreover several tuff- and tuffite-zones can be marked down. The 
first goes along the NE. border of the Knip-region (Obs. L 331—L 338, 
P 181, P 203, W 282). The second goes parallel to the first one along 
the foot of the Seroe Nobo, and wedges out in the N. between the zones 
of pure cherts and chert-breccias (Obs. W 264, W 263, W 298, W 300). 
The third zone goes from the Plantation Knip to the NNW. (Obs. 
P 152—P 153, P 155, P 158, P 159, P 160). Quite near to the third 
lies a small but very striking fourth zone (Obs. W 312, W 313, W 316, 
W 317, W 318). The three first mentioned zones consist of green- 
weathered, frequently calcified porphyrite- and quartzporphyrite-tuffs 
and -tuffites, which in the field in many cases speakingly resemble 
diabase. The rocks of the fourth zone are much fresher, bluish-grey, and 
with nodular-weathering. The rocks show, besides mary porphyrite- 
fragments, the great clear quartzes and great albites that we came across 
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already more to the S. in Knip-tuffites; moreover the rocks show some 
rounded grains of mica-schists and hornblende-schists. 

Just as in the vicinity of Sint Kruis we find the lowest beds of the 
Knip-formation in the N. highly changing. In the S., near the Seroe 
Commandant, Seroe Para Mira, Seroe Bientoe, etc., the pure chert zone 
borders directly or almost directly on the diabase. More to the N.: on the 
Plantations Zorgvlied and Savonet, along the NE. border of the Knip- 
region and along the Rooi-Beroe, lie on the diabase thick layers of tuffs, 
diabase-breccias and cherts. In this region, the boundary between Knip 
and diabase is only to establish by means of microscopical examination 
of the collected samples. Then it turns out to be very complicated in many 
places, as becomes evident from the annexed detailed map. 


In the Knip beds, 1100 m. W. of Seroe Pretoe (Obs. P 202), was 
found a very fine granophyr-breccia, composed of quartz and acid 
plagioclase. 


In the N., in the region between Savonet and Westpunt, it swarms 
with dykes, for a great part already mapped and described by 
MOo_enacraaFF. It are chiefly hornblende-porphyrites, quartz-~-hornblende- 
porphyrites, augite-porphyrites and quartz-augite-porphyrites. According 
to MOLENGRAAFF, these rocks are derived from a quartz-augite-dioritic 
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intrusion, locally outcropping on a hill 75 m. in height and 400 m. NW. 
of the Seroe Signaal. This spot cannot be located with certainty on the 
topographical map, but the entire northerly branch of the Rooi Beroe 
lies full of pebbles of quartz-augite-diorite and augite-diorite. We 
found the augite-diorite as solid rock at the W.-foot of the Seroe Manuel 
(Obs. W 302). Moreover we found an intrusion of hornblende-quartz- 
diorite to the E. of the Seroe Tinta. (Obs. L 371, L 373, L 374; L 373 and 
374 lying somewhat S. of the boundary of the map). 


S. of the Seroe di Rooi Salga we found some rocks (Obs. V. 
3a & b and 6), which, in the field, quite resembled the weathered por- 
phyrite-dykes ; under the microscope, however, they appeared to consist of 
very closely intergrown quartz-~ and prehnite-crystals. V. 11 is a vein 
with quartz-epidote-filling. 


Physics. — Die Anwendung von der Theorie von VAN LAAR iiber die 
Additivitat von b unc a auf einige Wolfram- und Molybdanver- 
bindungen. Von J. A. M. VAN LiEMPT. (Communicated by J. D. VAN 
DER WAALS JR.) 


(Communicated at the meeting of September 26, 1931). 


§ 1. Einleitung. 

Bekanntlich ist im Jahre 1916 von J. J. VAN LAAR gezeigt worden, dass 
die b- und {/a-Werte von chemischen Verbindungen rein additiv aus den 
sogenannten ,,Grundwerten’’ der aufbauenden Elementen berechnet werden 
kénnen. Nur soll in einigen Werbindungen, wie z.B. CCl4, SiCl,s, der 
Va-Wert des Zentralatoms = 0 sein, weil hier die attraktive Wirkung 
dieses Atoms nach aussen ganz ausgeschaltet ist, durch die Schattenwir- 
kung der Halogenatome '), 

Im folgenden wird diese Theorie einerseits bei einigen Wolfram- und 
Molybdanhalogenverbindungen bestatigt gefunden. andrerseits fiir die 
Berechnung von bis jetzt unbekannten Konstanten angewandt. 


§ 2. Numerische Tatsachen. 
Die untenstehenden von VAN LAAR berechneten Werte werden im folgen- 


den gebraucht werden ?). 


bg. GUS 115 5 10 aC oO Ce 
bh F = 55.105 Va F = 2.9.107 
bo W =42.5.105 Vay W =40.5.107 
by Mo= 42.107 Way Mo= 36 .10~ 
Va O = 27.102 
Wir benutzen weiter die schon frither bestimmten Dampfspannungs- 


und Sublimationskurven. 
Fiir die Dampflinie von WClg%): 


log’ p (atm) = — - + 13.99. 


1) J. J. v. LAaR, J. de Chim. physique, 14, 1—24 (1916); Die Zustandsgleichung von 
Gasen und Fliissigkeiten. Leipzig, 1924 

2) Ausgedriickt in das theoretische Normalvolumen. (1 Grammol. als ideales Gas_bei 
1 Atm. und 09°C). 

3) . A. M. v. LiEmpT, Diss. D lft, 1931. 
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Fiir die Dampflinie von WF, !): 
1361,5 


log'® p (atm) = — aye + 4.685. 
Fiir die Dampflinie von MoF,?): 
log" p (atm) = — ae + 4,527. 


Fiir die Dampf-(Sublimations) linie des Wolframmetalls 4): 
48400 


log’ p (atm) = — ans + 8.83. 
Fiir die Dampf-(Sublimations) linie des Molybdanmetalls *) ; 
log’® p (atm) = — me + 9,90. 


Dichte WF, bei 2.3° C=3,515; Ausdehnungskoeff. = 1,70. 10—3 
MGn amiss Ge 2941% + === 1,94 108°), 


§ 3. Die Abschirmung des W-Atoms in WCl, und WFg. 
Der b,- und Va,-Wert des Wolframs ist unbekannt. Es ist also nicht 


méglich die b,- und V a,-Werte des WClg direkt zu berechnen. Wir kénnen 
aber aus der Stellung des Wolframs im periodischen System aus der von 
VAN LAAR gegebenen Tabelle ableiten, dass der b,-Wert des Wolframs 
200 bis 300.10—5 betragen wird. Da nun in WCl., wegen der Anwesen- 
heit von 6 Chloratomen, der bk-Wert hauptsachlich durch diese Chlor- 
atomen bedingt wird, so kénnen wir schreiben: 


b, WCI,= (6 K 115 + 200). 10-> bis (6 X 115 + 300). 10-°, oder 
b, WC, = 890 bis 990 . 10->. 


Wir berechnen nunMa, von WCl,g fiir diese beiden Grenzwerte. 


Mit b WCl,—990.10—5 finden wir, da 
1 T; 


tape A ae —5 
bt = 8273 py SEGURO es ue ce ee » = (a) 
ist: 
inne OA Dia TMs Pay itt wie) ( (1) 


1) O. RUFF und E. ASCHER; Z. f. anorg. u. allg. Chem. 196 (1931), 413. 
2) O. RuFF und E. ASCHER I. c. 
3) C. ZWIikKER, Diss. Amsterdam, S. 137. 
4) Aus den Daten von I. LANGMUIR, von uns berechnet. 
J. A. M. v. LiempT, Z. anorg. u. allg. Chem. 114 (1920), 108. 
5) O. RUFF und E. ASCHER I. c. 
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Da weiter nach VAN DER WAALS: 


log? ™ = (Fr _ 1), oder 


log? p=—f af + f+ log” px 
ist, finden wir in Zusammenhang mit der erwadhnten Dampfspannungs- 
formel von WClg,: 
FE, = 8004-2 ee 


f-- log" pe = 13.99 a 


Aus den Gleichungen (1), (2) und (3) mit drei Unbekannten kénnen 
wir die einzelnen Variablen berechnen, und finden: 


Py == 32 atm. s “Tyee G0 ads: f= 125, 


Fiir a, finden wir dann aus der Formel 


ae 
ao Xs x——. 


worin wir annahernd 41 setzen kénner'): 
Va. 29.0 10 


Auf genau dieselbe Weise finden wir mit dem Ausgangswert b, WClg = 
—— SUN nl Oman: 
Vag =a 27 57108 


Bei vélliger Abschirmung der Wolframatome durch die umringenden 
sechs Chloratome wiirden wir finden miissen: 


V5, = Xo lO ee 0 
Und bei nicht-Abschirmung : 


Vay = (6X5 +10). 10-2 = 40. 10-2, 


da wir auf Grund der VAN LAARschen Tabelle der a,-Werte der Elemente 
in Verbindungen V a, fiir W —10.10—2 setzen kénnen. ; 

Der oben berechnete Wert fiir a, liegt nun ganz nahe dem Wert, den 
wir berechneten fiir den Fall der vélligen Abschirmung. Wir kénnen also 
annehmen, dass, wie man auch nach Analogie mit CCl4, SnCl4y, SiCl4, a 
priori vermuten kénnte, in WClg, (und also sicher in WF.) das W-Atom 
vollig abgeschattet ist. 


1) Fiir die Rechtfertigung dieser Annahme siehe v. LIEMPT, Diss. Delft, 1931, S. 52. 
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§ 4. Berechnung des b,~-Wertes fiir W und Mo. 

Umgekehrt kénnen wir nun ausgehend von der Tatsache der vdlligen 
Abschirmung, den b,-Wert fiir das W-Atom berechnen. 

Wir gehen dabei von WF, statt WCl, aus, weil 
das WClg vermutlich assoziiert ist. 
. die Annahme 4—1 beim WClg weniger sicher ist als bei WF. 
. WEF, niedriger siedet (bessere Abschirmung). 
. WE, nicht assoziiert ist (normale Troutonsche Konstante). 

5. die Dampfdruckgleichung hier einfacher zu bestimmen und deshalb 
vermutlich sehr genau ist. 

Wir nehmen also an: 


won 


Va, WK; = (6 X 2.9) . 10-2 = 17.4. 10-2 


Die Formel (8) und die aus der Dampfdruckgleichung von WF analog 
geltenden Formeln (2) und (3) geben uns dann wieder 3 Gleichungen mit 
3 Unbekannten, woraus wir berechnen kénnen: 


Mee Alin. eh AS9aDS ale 5:14, 
Nach Formel (a) ist also: 
b, WF, = 566 . 10-5 
und folglich, mit b, F —=55.10—5: 
bea == 236m 02; 


ein Wert, welcher in untenstehender Tabelle nach VAN LAAR sehr gut passt. 


Tt V Cr Mn 
180 
Ge As Se Br 
210) = —-:195 180 165 
Zr Nb Mo Ma 
235 180 
Sn SDL Gra Te J 
265 250 235 220 
Hf Ta Ww Re 
236 
Pb 1 en oie Po _ 
320 305 


Th 
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In genau derselben Weise berechnet man aus der Dampfdruckkurve 


des MoF,: 
pe— 43 atm; Ty == 480 absis ef = 2.90, 
Weiter ist nach (a): 
by fiir Mo Fe = 510. 10-5, 
folglich 
b, fiir Mo = 180. 10-5. 


§ 5. Berechnung von p, und T, fiir metallisches Wolfram. 
Nach Formel (a) ist, mit Riicksicht auf den oben gefundenen Wert 
fiir b;, : 


: x Fe 936 | 10- 


b= 850973 Di 


Aus der Dampfdruckgleichung folgt : 
f T; = 48400 
f+ log’ p, = 8.83. 
Aus diesen drei Gleichungen mit drei Unbekannten berechnen wir: 


Pe== 1675 vat i = 8035 cabs ea OU) 


Auf analoge Weise findet man fiir Mo: 


pe =.1405 atm:s T5590 abs: = 


§ 6. Berechnung von a, fiir das freie W und Mo. 
Nach Formel (f) ist 


aj tT 


Lo r64 aan Pk 


Die Annaherung 41 ist hier wegen der hohen kritischen Temperatur 
des Wolframs vielleicht nicht erlaubt. Setzen wir jedoch in erster 
Annaherung wiederum A4A—1, so findet man: 


Va, fiir W = 50.2. 10-%, 
Auf analoge Weise findet man fiir Molybdan: 
Va, fiir Mo — 35.5. 107. 
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Beide Werte sind sehr annehmlich, denn fiir das Verhdltnis der Va, 


und “a,-Werte berechnet man 


fiir Wolfram 


ao 


fiir Molybdan ie 


§ 7. Schlussbemerkungen. 


Var 
— ee 


Va 
_ 


35.5 


36.2 


=1k03 


Zum Schluss méchten wir uns gestatten, den Wunsch zu dussern, dass 


in der Zukunft die b- undVa-Werte fiir das ganze periodische System 
festgelegt werden mochte, weil in dieser Weise mit den von VAN LAAR abge- 
leiteten Formeln die Dampfdriicke von vielen Stoffen im voraus berechnet 
werden kénnen. Dies ware fiir die Technik von grosser Bedeutung. So hatte 
man, wenn dies der Fall gewesen ware, die Dampfdriicke und damit die 
Verdampfungsgeschwindigkeit des Rheniums berechnen und so feststellen 
kénnen, ob es dem Wolframmetall als Glithlampenmaterial iiberlegen 
sei. Dasselbe gilt fiir viele Nitriden, Boriden und Carbiden, die nach neue- 
ren Verdffentlichungen fiir denselben Zweck untersucht worden sind‘). 


Phys. Chem. Lab. N.V. Philips Gloeilampenfabrieken. 


Eindhoven (Holland). 


1!) BECK=R und EWESsT, Z. f. techn. Phys., 11 (1930), 216. 
AGTE und ALTERTHUY, Ebenda, 11 (1930), 182. 
AGTE und Moers, Z. anorg. u. allg. Chem. 198 (1931), 233. 


Anatomy. — The cell masses in the diencephalon of the Humming Bird. 
By E. Horne CraiGic (Toronto, Canada). (Communicated by 
Prof. C. U. AriENS KAPPERS.) 


(Communicated at the meeting of September 26, 1931.) 


The writer's ('28) description of the diencephalon of the humming bird 
having been based entirely upon WEIGERT preparations, and HUBER and 
Crosby ('29) and the author himself ('30) having been unable to identify 
in other avian brains some of the parts there described, a restudy of this 
region in the humming bird seemed desirable. It was not found possible to 
procure more material of the same genera previously examined, but well 
fixed specimens of Lampornis mango were procured and show no evidence 
of differing in the structure of the diencephalon from Chrysolampis and 
Chlorostilbon, which were previously used. Two series of transverse 
sections and one series cut sagittally were stained with cresyl violet, which 
brings out the cell groups excellently. A third transverse series stained 
with iron haematoxylin was also available. These series have formed the 
basis for an account of the cerebral hemisphere which is at present in 
press (CRAIGIE '32). 

The aim of the present note is not to present a new description of the 
diencephalon of the humming bird but simply to correlate that already 
published with the work of other authors, particularly the extensive and 
thorough account of various avian diencephala by HUBER and Crossy, 
which was followed by the present writer (30) in describing the brain of 
Apteryx. At the same time a number of extensions and corrections of the 
earlier report are included. Unfortunately, the original WEIGERT sections, 
being in Amsterdam, have not been available for direct comparison with 
the new series. 


Epithalamus (fig. 1). 

The habenula requires no further description except to add that its lateral 
nucleus contains small cells in addition to the larger ones, the latter being 
more numerous dorsally, the former ventrally. RENDAHL’s ('24) nucleus 
superficialis epithalamicus could not be recognized with certainty. Very 
small spindle-shaped cells, superficially placed and extending antero- 
ventrad lateral to the habenula, were detected in the sagittal sections but 
could not be identified definitely in the transverse series. The part mentioned 
under this name in the previous description appears to belong to the lateral 
nucleus. 
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Fig. 2. 325. caudal to Figure 1. Fig. 5. 250 caudal to fig. 4. 
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Dorsal group of nuclei. 

HUBER and Crossy describe a nucleus dorsomedialis anterior thalami 
and a nucleus dorsolateralis thalami in the birds studied by them, and in 
these species they found the latter to be divided with varying distinctness 
into a nucleus dorsolateralis anterior pars medialis, a nucleus dorsolateralis 
anterior pars lateralis, and a nucleus dorsolateralis posterior. These they 
were unable to homologize with the regions described by the writer in the 
humming bird, namely nucleus anterior pars supracommissuralis and nucleus 
anterior pars postcommissuralis, and nucleus dorsalis. 

Studying the material now available the writer finds himself unable to 
confirm his own former description. The apparent distinction of the two 
portions of this region in the WEIGERT series previously used seems to have 
been due simply to the arrangement of the myelinated fibres and does not 
have a counterpart in the cell groups revealed by cresyl violet staining. 
Moreover, the sagittal series shows that the apparent supracommissural 
extent of the mass is due to the oblique plane of the sections, as was 
suggested in the original account. 

The nucleus dorsomedialis anterior of HUBER and CROSBY occurs 
essentially as described by them but having a somewhat greater extent 
(fig. 1). It appears in both transverse and sagittal sections as a rounded 
mass of rather widely spaced, medium-sized cells, reaching from a level 
dorsal to the anterior commissure, under the interventricular foramen, back 
to about the posterior end of the habenula. It differs from the forms des- 
cribed by the above authors in being covered throughout its extent by a 
paraventricular nucleus (nucleus internus superior + nucleus internus 
superior anterior ?). 

Forming the posteroventral surface of the interventricular foramen and 
lying directly dorsal to approximately the lateral half of the anterior dorso- 
medial nucleus is a conspicuous mass of crowded, deeply stained, small 
cells (fig. 1, x). Where it is in contact with the foramen it is covered by a 
superficial cell-free layer which is thinner than the similar layer covering 
the paraventricular nucleus. Further back it comes right to the dorsal 
surface of the thalamus. Where it is thickest, this mass has a little less 
than half the dorsoventral extent of the anterior dorsomedial nucleus. In 
sagittal sections it appears asa triangular area of about half the craniocaudal 
length of the anterior dorsomedial nucleus with a thin plate extending 
back nearly to the posterior end of the latter. This mass was not observed 
in the earlier study and does not seem to agree with any described by other 
.authors. It may be a differentiated part of the dorsolateral nuclei of HUBER 
and Crossy, but is quite separate from the rest. A small mass in approxi- 
mately this position is indicated but not named in their figure 13. 

Lateral to the anterior dorsomedial nucleus is the nucleus dorsolateralis 
anterior of HUBER and Crospy (figs. 1, 2), which is characterized, as 
described by them, by a greater crowding of the cells. The present writer 
has been unable, however, to recognize in the humming bird the subdivisions 
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described by these observers. Instead he sees a medial, small celled portion 
which, though distinct, is not very sharply delimited from the dorsomedial 
nucleus, lateral to this a rather prominent, irregular group of medium-sized 
cells, a little larger than those of the dorsomedial nucleus, and lateral to 
this again another small-celled area (fig. 1). Though rather crowded and 
well stained these masses are less dense and less deeply coloured than the 
region dorsal to the dorsomedial nucleus. When traced caudad, the area 
of larger cells disappears shortly before the dorsomedial nucleus, and the 
small-celled areas, with scattered medium-sized cells intermingled, spread 
right across the region occupied further forward by all of them, and extend 
back to the level of the posterior commissure (figs. 3, 4). This is evidently 
the nucleus dorsolateralis posterior of HUBER and Crossy, but no diffe- 
rentiation from the anterior part was detected. The mass is not homoge- 
neous, medium-sized cells being more numerous centrally, but it does not 
have any definite subdivisions. 

Ventral to the more posterior part of the dorsolateral nuclei is a fairly 
broad zone of small cells (fig. 3, not named). This is the clear area described 
in the previous account as making up, along with the region dorsal to it 
(now included in the dorsolateral nucleus), the dorsal nucleus of the 
thalamus. It appears in several of the drawings of HUBER and CrosBy but 
is not named or specifically mentioned by them. As will appear below 
p. 1042), the mass called ‘‘nucleus praespiriformis ventralis” in the previous 
paper is not to be included in this area. The area designated nucleus 
dorsalis in figure 10 of that paper, moreover, also includes medially a 
distinguishable region in which the cells are a little larger and darker. This 
is the nucleus internus inferior of RENDAHL. 

In the caudal part of the small-celled zone there appears in its lateral 
portion an elliptical mass of crowded, rather deeply stained, medium-sized 
cells — the nucleus praespiriformis dorsalis of the previous report (fig. 3). 
As this cannot yet be brought into line with any of the centres described 
by other writers, the term nucleus praespiriformis may be retained for it 
at present. 


Nucleus lateralis and nucleus superficialis parvocellularis. 

The lateral nucleus of the former account is the nucleus superficialis 
parvocellularis of HUBER and CrosBy. The lateral nucleus of these authors 
is a superficial large-celled plate dorsolateral to it, which occurs in the 
humming bird essentially as described by them (figs. 1, 8). It appears first 
a little behind the level of the rostral end of the habenula and disappears 
caudally at about the same level as the latter. The nucleus superficialis 
parvocellularis is not sharply differentiated anteriorly from the dorsolateral 
nuclei, but becomes more distinct farther back (figs. 2, 3, 4). It is stated 
by HuBER and Crosby to include the nucleus of the septomesencephalic 
tract of EDINGER and WALLENBERG, and the former account made clear 
that it is intimately related with that tract in the humming bird. The nucleus 
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described as the nucleus of the septomesencephalic tract in this animal, 
however, is an entirely separate structure (see next section). 


Nucleus of the septomesencephalic tract — Nucleus lateralis anterior. 
Nucleus tractus tecto-thalamici cruciati (fig. 1). 

The structure termed nucleus of the septomesencephalic tract in the 
former account is seen in the present preparations as a rounded mass of 
rather small cells, not very closely grouped, wedged in between the anterior 
ends of the nucleus rotundus and nucleus geniculatus lateralis, and appears 
to be the same as the nucleus lateralis anterior of HUBER and CrosBy. It is 
not the same as the body in Apteryx to which that term was assigned by 
the present author, but no homologue of the latter has been recognized in 
the humming bird. A roughly triangular area of similar, but more crowded 
cells medial to the rounded mass is presumably the nucleus tractus tecto- 
thalamici cruciati of HUBER and CROosBy. 

On the other hand, the account of HUBER and CrosBy does not appear 
to the present writer to agree with that of RENDAHL. They state ('29, p. 76) 
that RENDAHL includes in his nucleus superficialis parvocellularis both the 
nucleus lateralis of earlier workers and the nucleus of the septomesen- 
cephalic tract, and they propose to retain his term for the latter only. 
RENDAHL himself states (’24, p. 330) that the mass which he marks 4 is 
identical with the nucleus fasciculi septi of earlier descriptions, and (p. 314). 
that his 4 is formed by differentiation from the anterosuperior part of the 
embryonic plate which produces also the lateral geniculate nucleus (his 
m.o.S.). The nucleus of the septomesencephalic tract or ‘nucleus tracti 
septi’’ of the former description of the humming bird still appears to the 
writer to be RENDAHL's 4 though it appears also to be the nucleus lateralis 
anterior of HUBER and Crosby. Its relation with the septomesencephalic 
tract was distinct in the WEIGERT preparations ('28, fig. 10), though the 
present sections suggest that the majority of the fibres pass just internal 
to it. The last observation applies equally to the relation of the tract and 
nucleus referred to as seen in some carmalumstained sections of the brain 
of the hen (the species described by RENDAHL), where, indeed, the main 
part of the tract is less closely applied than in the humming bird to the 
relatively smaller and more flattened nucleus. 


Nucleus rotundus (figs. 1, 2, 3, 8). 

This requires no further description, except to point out that its caudal 
end is more definite in cell-preparations than it appears to be in WEIGERT 
ones, its cells being conspicuously larger than those of the groups behind it. 


Nucleus posteroventralis (figs. 3—6, 8). 

The nucleus rotundus is replaced ventro-caudally by the smaller aie of 
the nucleus posteroventralis (HUBER and CrosBy), not those of the nucleus 
subpraetectalis, as was stated in the previous communication. The last 
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nucleus lies lateral and caudal to the posteroventral one, of which the cells 
extend backward among the fibres of the tecto-thalamic tract. t 


Nucleus tractus habenulo-peduncularis (figs. 2, 3). 

Continuous with the dorsomedial aspect of the nucleus rotundus, and 
included in it in the former description, is a triangular mass which is 
distinguishable on account of a slightly greater crowding and deeper 
staining of the cells. This is the nucleus named as above by HUBER and 
Crossy. It ends caudally at about the same level as the nucleus rotundus, 
but does not extend so far forward. 


Nucleus ovoidalis (fig. 2). 

It seems inexcusable that a mistake should have been made in identifying 
so distinct a body as this, even in WEIGERT preparations with the cell- 
bodies poorly stained, yet such appears to be the case. As a matter of fact, 
the mass designated nucleus praespiriformis ventralis in the previous paper 
is the true nucleus ovoidalis (nucleus anterior ventralis of EDINGER and 
WALLENBERG '99), and the distinct fibre-tract described as passing 
caudoventrad from it is the tractus ovoido-intercalatalis according to the 
terminology proposed in that account or tract from the nucleus ovoidalis of 
HUBER and Crossy. It has the typical form and structure but is more 
laterally situated than in the pigeon and the hen, descriptions of which 
were the main guide of the author in his earlier work. 

The group previously thought to be this nucleus is a less compact and 
less sharply circumscribed gathering of rather large cells which appears to 
be a medial extension of the nucleus subrotundus of RENDAHL. 


Nucleus subrotundus (figs. 2, 3). 

At the extreme anterior end of the nucleus ovoidalis a compact group 
of rather large dark cells appears immediately ventromedial to it. Anteriorly 
this group passes over into the more scattered cells of the entopeduncular 
nucleus (nucleus decussationis supraopticae dorsalis of HUBER and 
Crospy). Traced back, the cells are seen to be spread apart by the fascicles 
of the archistriato-mesencephalic tract so that they form an oblique, broken 
row connecting a group dorsal to the tract with a more compact group, in 
which the cells seem a little smaller, ventromedial to it (i.e. directly ventral 
to the ovoidal nucleus). About the posterior end of the ovoidal nucleus the 
dorsal part of this large-celled group expands medial to form the mass 
mistaken previously for the ovoidal nucleus (fig. 3), while the remainder 
thins out and is continued ventrolateral by rows of smaller cells evidently 
among fibres (those fibres termed tr. ovoido-intercalatalis in the previous 
paper). A few sections further caudal the whole cell-system disappears. So 
far as the writer can make out, this whole group of cells corresponds with 
the nucleus subrotundus of RENDAHL, while its continuation forward, 
anterior to the level of the nucleus ovoidalis, must include the nucleus 
praestriaticus of that author. 
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Nucleus intercalatus (figs. 2, 3). 

The description of this body does not appear to require revision, though 
it may be added that the cells in its lateral portion are distinctly larger than 
the more medial ones. The small area hesitatingly indicated on p. 398 of 
the earlier paper possibly to be a representative of RENDAHL’s nucleus 
superficialis internus is not differentiated from the nucleus intercalatus in 
the present preparations. 


Nucleus postero-intermedialis (fig. 4). 

A group of large cells lying between the archistriato-~mesencephalic tract 
and the ventral forebrain peduncle and extending back some distance from 
the level of the posterior end of the nucleus ovoidalis seems to correspond 
with the description of this nucleus given by HUBER and CrosBy, who 
introduced the term. 


Nucleus postrotundus. Nucleus principalis praecommissuralis. 

The term nucleus postrotundus, first used by KAPPERS ('24) has given 
rise to considerable difficulty. The area described under this name in the 
earlier account of the humming bird seems to include the nucleus postero- 
intermedialis — accounting for the large cells there mentioned — and a 
small-celled area of very restricted size dorsomedial to it which is rather 
indefinitely distinguishable in the cresyl-violet sections from the postero- 
ventral nucleus (fig. 3). It is difficult to be sure of the homology, but the 
latter area seems to be that designated nucleus postrotundus by HUBER and 
Crossy, though in that case it must be better developed in the sparrow, in 
which they describe it. 

It does not now appear to the writer, however, that this is the area to 
which KApPERS 1) intended to apply the term. In sagittal sections (fig. 8) a 
large area with scattered cells of small and medium size, and notably pale 
in colour in the cresyl violet preparations, is bounded anteriorly by the 
nucleus rotundus, dorsally by the dorsomedial spiriform nucleus, ventrally 


1) Although the extension of the nucleus discussed here in the humming bird is some- 
what different from the chicken and the sparrow, I believe that CRAIGIE’s identification of 
my nucleus postrotundus with RENDAHLS nucleus principalis praecommissuralis (RENDAHL, 
l.c. p. 321, fig. 72) is right. My mention of the nucleus (in the Tabulae anatomo-compa- 
rativae cerebri) appeared in the same year as RENDAHL's paper (1924), so that I could 
not consider his work nor his identification of this nucleus with MESDAG'’s ,,halvemaan- 
vormige kern b’ (MESDAG, 1909, p. 94, 95, photo 6, fig. 29), which I quoted in my book 
(part Il p. 877—878) as MESDAG’s ,,schalenférmiger Kern B”, since the word ,,halvemaan- 
vormig” (Dutch for semilunar) is used by MESDAG (I.c. p. 109) also for two other, a medial 
and lateral nucleus, lying behind the former at the bottom of the mesencephalon (my 
nucleus semilunaris) and connected with the lateral lemniscus system (c.f. also HUBER 
and CROSBY's paper 1929, p. 102 and 103). 

I believe that RENDAHL is right in considering MESDAG’s ,,halvemaanvormige”’ nucleus 
b as homologous to his principle preacommissural, my postrotundus nucleus, also mentioned 
and figured in HUBER and CrosBy's paper (p. 107, fig. 16, though only the caudal part of it 
is shown there, being practically continuous with their postero-ventral nucleus). — KAPPERS. 
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by the posteroventral nucleus and tectothalamic tract, and caudally by dark 
cells extending medially from the posterior end of the ventrolateral spiri- 
form nucleus. This area seems to correspond better with KAPPERS’ nucleus 
and to be better described by the name. It was overlooked in the earlier 
study because it is largely penetrated by transverse myelinated fibres (the 
wide system sweeping medially round the “nucleus rotundus’’ — actually 
posteroventral nucleus — in figure 13 of the previous paper) and so was 
not considered as a nucleus. 

In transverse sections (figs. 4,5) it replaces the more dorsal part of the 
rotund nucleus and the nucleus tractus habenulo-peduncularis as these 
disappear, lying dorsal and lateral to the nucleus posteroventralis, ventral 
to the dorsomedial part of the spiriform nucleus and medial and ventro- 
medial to the ventrolateral part of that body. Medially it comes into contact 
with the areas mentioned in the first paragraph of this section. This area is 
evidently RENDAHL’s nucleus principalis praecommissuralis, though HUBER 
and CRosBY state that nucleus to be large-celled, while RENDAHL had 
described it as small-celled. 


Nucleus geniculatus lateralis (figs. 2, 3, 4, 5). 

This is the large medial portion of the group designated corpus genicu- 
latum laterale in the previous paper. The band of somewhat larger and 
darker cells described by other authors lies practically in the dorsal edge 
of the flattened, lens-shaped mass. 


Nucleus superficialis synencephali and nucleus superficialis magnocel- 
lularis (figs. 2—5). 

The group of cells designated lateral part of the corpus geniculatum 
laterale in the earlier paper is the nucleus superficialis magnocellularis of 
RENDAHL. Its cells are not particularly large in the humming bird, being 
markedly less so than those of the nucleus superficialis synencephali of 
RENDAHL, which is the group of larger cells previously mentioned ('28, 
p. 395 and fig. 13, Gen. Mag.) as being probably also a portion of the 
geniculate body. The conspicuous system of myelinated fibres curving 
dorsally and then medially from the nucleus superficialis magnocellularis 
('28, p. 396 and fig. 12) has not been recognized to correspond with 
anything described by other authors. 


Nuclei entopedunculares. 

In the description of the nucleus subrotundus, the occurrence of the 
anterior entopeduncular cells, termed by HUBER and CrosBy nucleus decus- 
sationis supraopticae dorsalis is mentioned (fig. 1). Their ventral superior 
entopeduncular nucleus, a group associated with the ventral forebrain 
peduncle is also distinct (figs. 1, 2, 3). Caudally its cells become mote 
scattered and a little smaller and at about the level of the posterior end of 
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the nucleus rotundus the group can no longer be distinguished. Anteriorly 
these nuclei are both continuous with a large group of cells associated with 
the thalamo-frontal tracts. A small and somewhat indefinite group of more 
ventrally situated cells is presumably the nucleus entopeduncularis inferior 


(fig. 1). 


Periventricular gray matter. 

The stratum cellulare internum and the stratum cellulare externum are 
distinct and have essentially the same relations as in forms described by 
other authors (figs. 1, 2, 3). There is a large and distinct mass apparently 
corresponding with the nucleus internus inferior anterior of HUBER and 
Crospy (fig. 1), while the nucleus internus superior (fig. 1) and nucleus 
internus inferior posterior (fig. 2) have already been mentioned (in con- 
nection with the nucleus dorsomedialis anterior and with the “nucleus 
dorsalis” of the earlier description respectively). 

A crowded mass of medium-sized to large cells at each side, close to the 
ventral extremity of the preoptic recess, and having a less definite extension 
reaching some distance dorsad, perhaps represents the nucleus magnocel- 
lularis interstitialis of HUBER and CRrosBY, but no more detailed correspon- 
dence with their description could be recognized. The nucleus supra-opticus 
has not been detected nor were the other hypothalamic nuclei described by 
the authors cited identified definitely, except as indicated in the next 
paragraph. 

The three mammillary nuclei — nuclei mammillares lateralis, medialis 
dorsalis, and medialis ventralis — are distinct, the medial ones indeed large, 
and correspond in their relations to the descriptions and figures of RENDAHL 
and of HUBER and Crossy (fig. 5). Between the medial and lateral nuclei 
is a zone of more scattered small cells, the area h.d.Z. of RENDAHL. The 
nucleus mammillaris lateralis is the group of rather large cells mentioned 
in the former paper (p. 399) as being associated with the fibres of the 
mammillo-thalamic tract, basal olfactory tract, and suprainfundibular decus- 
sation. When followed forward the ventral medial mammillary nucleus (not 
both medial nuclei, as described in the sparrow by HUBER and CROSBY) 
seems to pass over into the nucleus hypothalamicus inferior (m of RENDAHL). 
Lateral to this still appears h.d.Z. of RENDAHL, and lateral to this again a 
somewhat indefinite group of rather large and widely-spaced cells, which is 
probably the nucleus decussationis supraopticae ventralis of HUBER and 
Crosby (figs. 3, 4). 


Nucleus opticus basalis (ectomammillaris) (figs. 6, 7). Nucleus externus. 
The basal optic nucleus requires no further description except to point 
out that its posterior part does not reach laterad to the tectal gray matter, 
as previously stated, the irregular group of cells constituting the nucleus 


externus of RENDAHL being interposed between them. 
67* 
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Nuclei of the medial longitudinal bundle (fig. 6). 

Medial to the anterior part of the red nucleus and distinguishable from 
it only by having smaller cells is the rather indefinite representative of 
RENDAHL’s nucleus fasciculi longitudinalis dorsalis pars inferior, while a 
somewhat more crowded dorsal group associated with the longitudinal 
bundle in front of the level of the oculomotor nucleus constitutes his pars 
superior of this nucleus. These appear much nearer to the dorsal part of 
the section than in RENDAHL’s figure of the chick. 


Nuclei praetectalis and subpraetectalis. 

The praetectal nucleus, a conspicuously encapsulated group of crowded, 
medium-sized cells, rather darkly stained by the cresyl violet, requires no 
further discussion (figs. 4, 5). According to RENDAHL, the author of the 
name, the subpraetectal nucleus is a more ventrally placed broad ovoid mass 
with rather scattered, characteristically elongated cells. In the present 
sections of the humming bird brain the nucleus appears as a small mass 
ventrolateral to the posterior part of the ventrolateral spiriform nucleus. 
When traced back it is found to expand to form a larger mass with the 
form and structure described and illustrated by RENDAHL‘(figs. 6, 7). The 
form and arrangement of the cells indicate that they are scattered through 
a fibre tract. Neither RENDAHL nor HUBER and Crossy refer to such a 
relation, and unfortunately adequate fibre-preparations are not available, 
but the impression is received that the nucleus is in fact penetrated by the 
tectothalamic tract as it sweeps anteromediad from its tectal connection. 
(The nucleus posteroventralis, which accompanies this tract further for- 
ward, disappears about the level at which the anterior end of the sub- 
praetectal nucleus occurs.) 


Nucleus spiriformis. Nucleus dorsofrontalis. “Nucleus postspiriformis.” 

The dorsomedial portion of the spiriform nucleus (fig. 5) is markedly 
larger than the adjacent praetectal nucleus, a condition contrasting with 
that in the hen, where the latter is considerably the larger. Its cells also 
exceed those of the latter nucleus in size more markedly than in the hen 
and are much more crowded than in that bird. 

A feature which was overlooked in the former description is that at the 
extreme anterior end the nucleus loses its rounded form and, assuming a 
somewhat irregular outline, appears to extend dorsolaterad across the 
ventral margin of the nucleus superficialis parvocellularis almost to the outer 
surface of the thalamus (fig. 4). Though it is difficult to detect any trace 
of a division this dorsolateral extension seems almost certainly to represent 
the nucleus dorsofrontalis of RENDAHL, a mass which is entirely separate 
from the spiriform nucleus in the hen, where nevertheless its cells are 
practically identical with those of the latter and its position corresponds 
with that of the group here described. 

The ventrolateral portion of the spiriform nucleus (figs. 5—6) also 
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merits a little additional description. Its cells are smaller and darker than 
those of the dorsomedial portion. Towards its caudal end it takes up a 
somewhat more medial position than that which it occupies further forward 
and appears much broader in transverse sections, so that in coronal sections 
(which have not been available for actual examination) it would presumably 
show an arcuate form. Its dorsal part, moreover, moves inwards more than 
its ventral edge so that it takes up an oblique position in the transverse 
section. The impossibility of direct comparison of the WEIGERT sections 
has been felt acutely in this connection, but it appears to the writer that 
the posterior part of the ventrolateral spiriform nucleus just described is 
the postspiriform nucleus of his previous account. No division from the 
more anterior part of the nucleus is observed in the present material. 


Nuclei of the posterior commissure (fig. 5). 

Directly dorsomedial to the dorsomedial portion of the spiriform nucleus, 
and not reaching so far either cephalad or caudad, is visible a crowded 
group of dark, medium-sized cells. These are evidently related to the 
posterior commissure and constitute the dorsal nucleus of the posterior 
commissure described by BECCARI ('23) in the lizard and by the present 
writer ('30) in the kiwi. A narrow group of small cells associated with the 
ventral part of this nucleus separates it from the spiriform nucleus. 

A group of more scattered and somewhat paler large cells, mingled with 
some of medium size, lying medial to the nucleus just considered forms the 
interstitial nucleus of the posterior commissure of BECCARI. 


Subcommissural organ (figs. 3, 4, 9). 

The structure thus named by DENDY and NICHOLLS ('10) is very 
conspicuous in the cresyl violet-stained sections of the humming bird brain, 
where it lies under the more cephalic half of the posterior commissure. It 
forms a deep groove composed of a thick layer of modified ependymal cells 
corresponding closely with DENDy’s (‘11) description of its structure in 
Sphenodon. The groove contains a very pale formless mass of what looks 
like coagulated material secreted by the cells of the organ. 


Ependymal thickening (figs. 3, 4, 5). 

Besides the subcommissural organ, the band of modified ependyma in 
the lateral wall of the third ventricle, which was described on page 400 of 
the previous paper, is very distinct in this material, as may be seen in 
the figures, where it appears black. This organ has been discussed 
by Kappers ('21) and CHARLTON ('28) and was described by the writer 
also in Apteryx. In the humming bird the band is much better developed 
than in Apteryx and KApPERS') states that, in all his experience, he has 
never seen this organ in a bird so obvious as in the present photographs. 
Structurally it is different from the subcommissural organ, the cytoplasm 


1) Personal communication. 
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of the cells being unstained in the cresyl violet preparations, so that what 
appears is a crowded mass of nuclei which seem to reach the ventricle, and: 
which form a curved band somewhat less than 20 micra thick. The sub- 
commissural organ, on the other hand, has lavender-coloured cytoplasm, 
and approximately the inner 8 micra of the thickness of the band contain no 
nuclei. The epithelium of the subcommissural organ is about 25 micra thick 
and the staining of the cytoplasm gives it a cloudy appearance. 
Capillaries appear to be somewhat more numerous near the ependymal 
thickening than elsewhere in the vicinity and some of them penetrate 
between its cells. Such a relation, occurring also in Teleosts and Reptiles 
(KAPPERS, CHARLTON), is not observed in the subcommissural organ. A 
small amount of faintly stained coagulum, similar to that seen in the com- 
missural organ, appears in the ventricle opposite the modified ependyma. 


LEGENDS FOR PLATES. 


Figures 1 to 7 are photomicrographs of parts of transverse sections of the same 
specimen of Lampornis mango. The thickness of the sections is 25 lM and the magnification 
in the illustrations is 21 diameters. Fig. 8 and 9 are photomicrographs of sagittal sections. 


A. Mes., tractus archistriato-mesencephalicus ; 

Bas. Op., nucleus opticus basalis ; 

Ch. P., chorioid plexus of third ventricle ; 

Chi. Op., optic chiasma ; 

Com. Ant., commissura anterior ; 

Com. Pal., commissura pallii ; 

Com. Po., commissura posterior ; 

C. Pretect., posterior end of capsule of nucleus praetectalis ; 
D. Front., nucleus dorsofrontalis ; 

D. Lat. A,, nucleus dorsolateralis anterior ; 

D. Med. A., nucleus dorsomedialis anterior ; 

D. S. Dors., nucleus decussationis supraopticae dorsalis ; 

D. Su. Vent., nucleus decussationis supraopticae ventralis ; 
Entop. In., nucleus entopeduncularis inferior ; 

Entop V., nucleus entopeduncularis ventralis ; 

Ep., ependyma covering medial surface of nucleus dorsomedialis anterior ; 


F. L. D. In., nucleus fasciculi longitudinalis dorsalis, pars inferior ; 
F. L. D. Sup., nucleus fasciculi longitudinalis dorsalis, pars superior ; 


F. Ret., fasciculus retroflexus ; 

Genic., nucleus geniculatus lateralis ; 

hdZ, cell group hdZ of Rendahl ; 

Hy. In., nucleus hypothalamicus inferior ; 
In. Com. Po., nucleus interstitialis commissurae posterior ; 
In, If. P., nucleus internus inferior posterior ; 
In. Inf. A. nucleus internus inferior anterior ; 
In, Sup. nucleus internus superior ; 

Interc., nucleus intercalatus ; 

Lat., nucleus lateralis ; 

Lat. Hab., nucleus lateralis habenulae ; 


M. Sp. Vent., cells extending mediad from nucleus spiriformis, pars ventrolateralis ; 
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Mam. L., nucleus mammillaris lateralis ; 

Mam. M. D., nucleus mammillaris medialis dorsalis ; 

Mam. M. V., nucleus mammillaris medialis ventralis ; 

Med. Hab., nucleus medialis habenulae ; 

N. T. Sept., nucleus of the septo-mesencephalic tract ; 

Opt. Lat., nucleus opticus lateralis ; 

Ovoid., nucleus ovoidalis ; 

Poin., nucleus postero-intermedialis ; 

Porot., nucleus postrotundus of Huber and Crosby ? ; 

Povent., nucleus posteroventralis ; 

Presp., nucleus praespiriformis ; 

Pretect., nucleus praetectalis (anterior end) ; 

Pri. Prec., nucleus principalis praecommissuralis ; 

Rot., nucleus rotundus ; 

Rub., nucleus ruber ; 

Spir. Dor., nucleus spiriformis, pars dorsomedialis ; 

Spir. Vent., nucleus spiriformis, pars ventrolateralis ; 

St. Ce. Ex., stratum cellulare externum ; 

St. Ce. In., stratum cellulare internum : 

Subcom., subcommissural organ ; 

Subpret., nucleus subpraetectalis ; 

Subro., nucleus subrotundus (the line in each case is drawn to cells lying 
between fascicles of the archistriato-mesencephalic tract) ; 

Supf. M., nucleus superficialis magnocellularis ; 

Subf. P., nucleus superficialis parvocellularis ; 

Supf. S., nucleus superficialis synencephali ; 

T.-Hab. P: nucleus tractus habenulo-peduncularis ; 

T. Sept., tractus septo-mesencephalicus ; 

1M TAR Tractus tecto-thalamicus ; 

rel ‘Cry, nucleus tractus tecto-thalamici cruciati ; 

V. Ped., ventral forebrain peduncle ; 

se small-celled mass described along with nucleus dorsomedialis anterior ; 

INNS oculomotor nerve. 
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Botany. — The movements of the filaments of Sparmannia africana in 
seismonastic reactions. By M. J. DIJKMAN. (Communicated by 
Prof, F, A. F. C. WENT.) 


(Communicated at the meeting of September 26, 1931.) 


In a publication on the movements of the stamens of Sparmannia africana 
after stimulation, BUNNING proves the correctness of his theory of the 
mechanism of these movements, which he had communicated in a previous 
publication on seismonasty. 

As this theory is very closely eared with the experiments 
subsequently made by me, I give below a summary of these along the lines 
of a diagram by BUNNING. 

The outward movement of the filaments of Sparmannia africana after 
stimulation is caused by a shortening of the sensitive cells situated on the 
outside of the filament base. This shortening may be brought about by the 
sap of the reactive cells being pressed out by the pressure of the walls, 
after increase of permeability has taken place. 

This increase of permeability arises after stimulation and advances to a 
certain degree or level (A, fig. 1) above which a discharge of cell sap 
takes place. 


Permea bility 
giving increased sufficlent for ais. 


endosmoses s,charge of cell. sap 


Reaction Fecavery 


Time 


Rigel 
Diagram explaining the sensitive reaction. The curve shows the increase 
of permeability during the movement. (After BiiNNING.) 


The reaction (discharge by pressure of the cell sap) ceases, as it begins, 
at a certain degree of permeability. Both these values are equal and are 
represented by the absciss A in fig. I. 

On the recovery to the original position the cell sap which had been 
pressed out is partly reabsorbed osmotically, owing to the increased 
permeability still prevailing. 

If the increase in permeability is so slight that no cell sap is exuded 
(below line A), only an accelerated endosmosis will take place. 
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From the figure it will be seen that the reaction does not occur 
immediately after the stimulus is applied but only after the permeability 
has reached the level of A; the time which elapses between the stimulus 
and the reaction is the latent period. The stimulus is followed by a refractory 
period, during which the stamens do not at first respond at all (the absolute 
refractory period) and later on only with decreasing difficulty (the relative 
refractory period). This refractory period continues until the normal 
permeability is entirely restored. 

The speed of the discharge of cell sap on reaction and the quickness of 
endosmosis on recovery, is dependent on the amount of permeability. These 
speeds therefore indicate the measure of the increase of permeability during | 
the reaction to stimulants. The speed of the reaction to the stimulant is in 
turn a measure of the speed of the sap discharge. As therefore under normal 
circumstances the speed of the movement in the stamens of Sparmannia 
africana is ultimately influenced by the permeability, an idea of the 
progress of the increase in permeability can be obtained by measuring the 
speed of the movement of a reacting stamen at various times after 
stimulation. This speed measurement was effected by BUNNING, with a 
moderate microscopic magnification and with the aid of a drawing appa- 
ratus, by indicating on paper the position of a certain point of the reacting 
stamen at regular intervals. 


The object of the experiments described below was to record by a very 
exact method the movement and speed of a reacting stamen, and comparing 
the results with those of BUNNING. As the photographic method is the most 
suitable for recording rapid movements, this method was employed. 

When the number of pictures recorded per second is known, it is possible 
to obtain an accurate figure showing the changes in the speed of the 
movement during stimulation. 

The photographs were taken by means of the apparatus of NUEREBERGK 
and Du Buy; this has been fully described by them and I need therefore 
only indicate here the alterations which made it suitable for the end in view. 

For this purpose a toothed gear was attached to the clinostate shaft of 
the electromotor, which also drives the film apparatus. It was also possible 
to have the shaft of the film apparatus driven direct from the shaft of the 
electromotor. The speeds obtained by means of these two changes were 
8 and 16 photographs per second. 

The preparation (see fig. II pr) consists of a flower, from which the 
corolla had been removed and of which all stamina but one had been cut 
off, affixed to a cork base (cb) placed on an aluminium table in such a 
manner that the stamen (s) moved in the photographic field of the film. 

To this table was also attached a stimulation apparatus (sa), which could 
be adjusted horizontally and vertically, consisting of a watch spring (ws) 
which could be stretched by a pawl (p). By removing the pawl the spring 
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when released touches the lower side of the stamen, which is thus bent 
towards the ovary. 


Fig. II. 


Arrangement of the preparation and stimulation apparatus. Description in text. 


The reaction brought about by this bending, runs in the contrary 
direction, hence away from the ovary. 

The table was fixed in the experimental space of the above described 
apparatus, where the stamen was photographed en silhouette on natural 
size and at a constant degree of temperature (21°C) and moisture 
(85 % r.h.). 

By projecting the pictures of the film singly the changes in the angle 
between the style and filament could be measured after every 1/gt® or 1/,,t" 
second in succession. The screen magnified the pictures 50 times; the 
angle was measured with compasses and protractor. (The error in the 
measurements proved to be 0.5° over or under, and was arrived at by 
means of 20 measurements from one photograph, the compasses being 
adjusted for every measurement taken. 

Fig. III, (A) (B) (C) (D) gives an example of the results obtained by 
this method of recording; in this figure the speed of the movement of a 
stamen is registered in its normal condition at (A) and in some of its 
refractory stages at (B) (C) (D) at which it was stimulated. 

In the diagram the moment of stimulation is indicated with an arrow, 
while the recovery has been drawn negatively. 

From this figure it will be seen: 

1. That the reaction commences immediately after the stimulus, without 
any latent period intervening. 

(In the film record of the reaction with 16 photos per second, the first 
photograph after the release of the spring does not show the stamen owing 
to the rapidity with which it is touched by the spring; 1/;gt" of a second 
later the stamen already shows a great deviation from the normal position. 
The latent period can therefore at the most be a fraction of 1/;,*" second.) 

2. The normal reaction may be divided into two phases. 

In fig. III, (C) however, some time elapses after the stimulus during 
which no movement is observed. This space of time could be looked upon 
as a latent period; if, however, the curves of fig. III are compared with 
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Fig. III (A). 


Speed curve of a normal reaction. 
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Fig. III (B). 


Speed curve of the same stamen stimulated 17 min after the first time. 


1055 


each other, this period could also be explained as the equilibrium between 
the reaction and the return to the normal poise. 


s 


° 


Speed in degreesysec 


a 


“Time in sec after stimulation 
Fig. III (C). 


Speed curve of the same stamen stimulated 11.5 min after B. 
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Speed in degreesysec 


L 
4 


Time in sec alter stimulation” 
Fig. III (D). 


Speed curve of the same stamen stimulated 5 min. after C. 


As regards the two phases of the reaction of normal stamens, these 
continue to appear even if the stamen is still under stimulation owing to a 
previous stimulus, but the force of the first phase diminues with the 
shortening of the intervals between the two stimuli, until at a certain 
interval between the two stimuli the speed of reaction is zero, the first 
phase disappears entirely and the stage indicated by C in fig. III is reached. 

At a still shorter interval between the two stimuli a figure is obtained 
which, if the absence of a latent period is not taken into account, resembles 
the results obtained by BUNNING when he repeats the stimulus a short 
time after the previous excitation, that is, a commencement of return to 
normal which is subsequently converted into a reaction. 

The course of the second phase of reaction to stimulus in shocks or 
jerks as shown in the figure is not due to the method of recording, as the 
shocks there seen are much greater than possible errors in measurement. 

BUNNING has already given an explanation of this movement in shocks 
or jerks. 


Consequently the very important investigations by BUNNING which as 
stated above, led to their repetition according to an improved method, now 
show in some points different results from those obtained by me. For 
instance, BUNNING always finds a latent period, and he also publishes 
single topped speed curves. 
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Although none of these are satisfactory, the possible theoretical explana- 
tions for the occurrence of these differences are, for the sake of 
completeness, given below: 

A. The reaction during the first phase is added to the movement of 
the second phase. 

The difficulty remains here, however, of finding under the circumstances 
an explanation for the differences in the speeds recorded by BUNNING 
and by me. 

B. The movement of the first phase might also be hampered by the 
method of stimulation, which differs from that employed by me, so that 
it would disappear without leaving any trace. 

C. It is also possible that the initial position of the stamen has been 
taken at the end of the first phase. 

The reactions indicated, however, correspond too closely for this to be 
the case. 

D. Another explanation is still required for the differences. . 

When a figure is constructed with BUNNING’s times, and for this purpose 
the times of fig. III (C) are co-ordinated with the observation times of 
BUNNING which are, longer than those of fig. III (C), then it shows a great 
resemblance to the examples given by him. 

The conclusion can be drawn that the stamina with which BUNNING 
experimented were in the same condition as the stamen, the movement of 
which is indicated in fig. III (C). 

The fact that in fig. III (D) no latent period takes place, whereas 
BUNNING has observed a latent period in stamina when excited at this 
stage, might then be caused by his method. 

The explanation of the movements under excitation according to 
BUNNING's valuable theory, can then apply to the second phase.® 


As, however, the purpose of this communication is to publish the results 
obtained by an exact method of recording seismonastic reactions of the 
filaments of Sparmannia africana and not to furnish an explanation for 
these movements, the mention of it will suffice here. 


I want to express here my best thanks to Prof. F. A. F. C. WENT for 
his helpfull advise and I also wish to express my gratitude to Dr. E. 
NUERNBERGK and H. G. Du Buy, who were so kind to lend me their 
apparatus. 
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Botany. — Plasmatic influences upon the inheritance in Vicia Faba. 
I. The elimination of a whole linkage-group in the plasm of Vicia 
Faba Minor. By M. J. Sirks. (Instituut voor Plantenveredeling, 
Wageningen.) (Communicated by Prof. J. C. SCHOUTE.) 


(Communicated at the meeting of September 26, 1931.) 


In my researches on the genetics of the species Vicia Faba L., the results 
of which will be published before long, a number of facts have been 
established, that seem to be of some value for our knowledge concerning 
the part played by the cytoplasm in the process of heredity. It has appeared 
that the plasm exerts its influence in three different ways; so the 
observations will be discussed in three successive papers. 

Taxonomists have divided the species Vicia Faba into two separate 
subspecies: Vicia Faba major and V. Faba minor. This division has now 
found a new argument in the results of my genetical experiments; as far 
as the materials used in my crosses are concerned, the plasms of these 
subspecies have been found to be quite different. Among the 98 variety- 
crosses studied, there are ten which have been made between a major-plant 
and a minor-plant, in both reciprocal ways. Eight of these crosses are 
mentioned by the numbers 10, 24, 25, 33, 54, 62, 71 and 87 in case the 
major-plants acted as mothers, while the reciprocal crosses (minor- 
individuals as mothers) have been indicated by the numbers 10a, 24a, 
25a, a.s.o. 

The analysis of these eight crosses has given the important observation 
that the major-mother-crosses for all factors studied (26), showed normal 
mendelian segregations, while in the reciprocals (10a, a.s.o.) six factors 
behaved in an unexpected way. These factors were: 

A, factor for typica-leafcolour, epistatic to a number of other leafcolour- 
factors, that can appear only in a-types; 

E, factor for erect habitus, while e-types are procumbent ; 

M, factor for a black marbling of the seed-coat; in m-individuals this 
marbling was absent. The phenotypical appearance of this factor however 
is dependent on the presence of the next factor O; in case this factor is 
recessive (o) the M-factor cannot be observed phenotypically ; 

O, factor for the large black spot in the flowers; o-individuals are 
white-flowered without any pattern ; 

B and T, factors for dimensions in leaves, fruits and seeds, which have 
been mentioned in a previous paper (Proceedings, vol. 32, p. 1066—1084). 

The F,-segregations for these factors have been given in table I; they 
clearly show a definite difference between the reciprocal crosses. For the 
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TABLE I. Factorial segregations. 


a Major-mothers | Minor-mothers 
Crosses nF, | Crosses nF, 
pe 10524; A a | 10a, 24a, A a 
A-Factor | 25, 62, 1228 | 931 297 | 25a, 62a, 944 | 944 = 
97187. || 7Zla, 87a. 
| 
E e FE e 
E-Factor | 54. 293 ) 212 81 54a. 161 | 161 = 
| M m | | M m 
M-Factor 24. | 130 92 |-38 || 24a. 121 a) 20 = 
10, 24, Oh cops ddOa 24a" Ovieas 
O-Factor 25, 62, 1162 | 867 | 295 25a, 62a, 944 | 944 — 
Tne Sie 71a, 87a. 
Babar | Bale 
B-Factor 103524; S22a i234 88 10a, 24a. | 292 187 | 105 
eT t T t 
T-Factor 1924533) ie 2D0 eed 113 10a, 24a. 438 | 294 | 144 
33a 
| 


factors A, E, M and O the dominant form was found in the minorplants, 
while the recessive ones came from the major-individuals; the Fo-families 
from the major-mothers (in major-plasm) behaved quite normally and 
segregated according to 3:1; those from minor-mothers however showed 
to be uniform: they did not contain any recessive segregates, but dominant 
(homozygous or heterozygous) individuals only. As far as the factors B 
and T are concerned, the minor-individuals had introduced the recessives 
b and t; while the dominants B and T came from the major-parents. Here 
the difference between the reciprocal crosses did not appear is such a clear 
way, though a comparison of the F-generations discloses again a real 
difference. While in major-mothercrosses here again an evident 3: 1- 
segregation could be observed (234: 88 and 337:113; D:m resp. 0.96 and 
0.05), in the reciprocal F2-families an obvious deficit of dominants has been 
ascertained (187:105 and 294:144; for 3:1 D:m resp. 4.32 and 3.83); 
the segregations in these families coming very near 2:1 (D:m=0.95 and 
= 0.20). These results seem to warrant this conclusion: F,-plants, whose 
mothers belong to the major-types, produce offspring, which behave quite 
normally according to mendelian expectations; but the offspring from 
F,-plants, which were born from minor-mothers, did not contain any 
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segregates, which should possess in homozygous state the factors furnished 
by the majorfathers. 

This absence of the homozygous major-factor-combinations in the 
minor-plasm was attended with an abortion of about 25 % of the seeds, 
produced by the F,-plants. The data about that have been summed up in 
the second table, in which for each of the eight crosses involved, are 


TABLE II. Zygotic abortion. 
= Mean of the number of available ovules. 
= Mean of the number of developed seeds. 
= Mean of the number of germinated seeds. 
Percentage zygotic abortion (= (1 2): 1 >< 100). 


he Wn 


ll 


Crosses 


10/10a | 24/24a | 25/25a | 33/33a 


54/54a | 62/62a | 71/7la 


Major-parent 1 | 30.95 | 30.95 | 30.95 | 68.31 | 67.94 | 26.29 | 30.95 | 21.98 
297390 29259) | 29°39" 60546) (66226 |" 24-01 | °29.39 | 20.88 
ZO MmecOs Le 20nd / ai Ot Onl Oteoon ee eeal2eie20./7 | 17.26 


—_ WwW N 


5.04 5.04 5.04 2.70 PA Ff 8.67 5.04 5.00 


Minor-parent 1 | 55.63 | 46.29 | 47.58 | 55.63 | 45.14 | 45.14 | 45.14 | 45.14 
SOOM ets (OOM S569 | oonOOmn 45.15. | 45.15) | 43.05. | 43.15 
Soe Olepeains tales cessalesteO2 Metin, 41.7981 41:79 | 41579 


>» WwW WN 


4.08 3.65 3.55 4.08 oie 8 214 4.41 4.41 


F, Major- 
moter: Lie ote200 145.031) 045204 11) 55.250 46,57) 47.20. | 50.33. | 43.20 


aoe 2040.50) ees tome 0 D0mIE 42. 1242.40.) 49), Lets 39 220 
Silet9, 0040 43,53 | 40,8000 45,608). 41,.86),} 41520 | 48.20.) 37.80 
a a5.09 5.08 2519 8.59 SAW (oersye) Pia Ys 9.26 


F, Minor- ‘ 
mother 1 | 54.38 | 46.40 | 46.22 | 54.16 | 46.66 | 46.83 | 46.88 | 44.62 


2e59 850 oa vOO) |) 33.44 al 39705) | S2.55") 31.06) 38.62 | 28.87 


SaesaO> Ped2e25 | 32.55 1958.50 | 32.20 |. 30540 1 37.20 | °26.40 


4 | 26.68 | 27.58 | 27.65 | 26.46 | 30.71 | 32.29 | 17.62 | 35.30 
| 
mentioned: 1. the mean of the number of available ovules, 2. the mean of 
the number of developed seeds, 3. the mean of the number of germinated 
seeds and 4. the percentage of zygotic abortion. This percentage has been 
derived from the data mentioned sub 1. and sub 2. by means of the formula 
( (1—2:1) 100. In the strains used for the crosses, this percentage varies 
between 2.47 and 8.67; in the F,-plants from major-mothers between 2.19 
68 
Proceedings Royal Acad. Amsterdam, Vol. XXXIV, 1931. 
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and 10.55, while in the F,-plants from minor-mothers the percentage varies 
between 17.62 and 32.29. A number of back-crosses by pollinating F,-plants 
from minor-mothers with minor-pollen gave an abortion of 5.77 % only, 
thus proving that a real zygotic abortion was the cause of the diminished 
seed-production. 

Combining these facts, it may be assumed that some common cause gave 
rise to the elimination of the homozygous major-factor-combinations, which 
should have formed 25 % of the F,-individuals and to the 25 % of zygotic 
abortion, that is found in the same way on F,-plants, whose mothers carried 
the minor-plasm. 

The third important phenomenon, which seems to be able to put forth 
an explanation of this observed abortion, is found in the fact that the 
factors involved A, E, M, O, B and T, form a group of genes, which are 
linked in various intensities (cf. Table III). To this I may add, that the 
linkages E—B, E—T and M—T could not be studied owing to the absence 
of the combinations that should give their solution. Besides the intensities 
of the linkages A—M and O—M could not be determined, since the 
M-factor may be present in o-individuals, without any phenotypical 
appearance. Therefrom in the cross, which should have led to this 
- determination, it was impossible to ascertain what number of individuals 
among the 29 o-plants carried the M-factor and what number the 
recessive m. The linkage-intensities in the combinations E—M and M—B 
however are convincing enough to state that M belongs to the same 
linkage-group as well as the others. Another factor Y, which produces the 
white colour of the seed-coats, while y gives green seed-coats, is also a 
member of this linkage-group; because of the absence of crosses between 
greenseeded major-types (y) with white-seeded minor-mothers (Y) 
however this factor could not be used on behalf of the conclusions 
mentioned above. 

The interpretation of these linkage-intensities according to MORGAN 
would lead to the following chromosome-map : 


O —--— M —-—— A ———— B —--— E~—_— Y —-__T 
M () AQ) B (12.0) Bi) ¥ (35) T 80) 
(22.0) B (17.0) E(I9 5) ¥ (11.0) TK) 

B (25.5) B (26.0) Y (20.5) T1180) 

| (28.0) | (28.5) 

E (37.0) Y(33.0)  T (24.0) 

40.0 TE) 

Te 0) 
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TABLE Ill. Linkage values. 
Factors Parents | Ermnber of nF | %/o 
crosses Crossovers 
A—E AE Ae aE ae 
Ae X aE 4 O37) S270 ett.) 155 1 19.5 
A—M | AM | Am | aM | am | (29 unknown) 
AM X am 1 130 | 81 4 | 11 5 2 
A—O AO | Ao aO ao 
AO XX ao | 25 4587 | 2980 | 485 | 413] 709 22.0 
A-—B “AB Ab aB ab 
Ab X aB 9 1443 744 321 371 rf 12.0 
A AT At aT at 
At al 2 319 164 75 75 5 24.0 
E—M EM | Em eM em 
EM X em 1 263 159 36 31 37 26.0 
E—O EO Eo eO eo 
Eo X eO 5 746 403 162 164 17 37.0 
not studied 
E— not studied 
S | MO | Mo | mO | mo*) 
MO X mo | 1 130| 92 9| 29 2 
M—B MB | Mb | mB mb 
Mb X mB 2 470 232 111 116 11 17.0 
M—T M-T | | not studied 
O-—B OB | Ob oB ob 
OB X ob 1 109 73 10 13 13 2555 
Ob XX oB 9 1443 | 748 | 317 | 341 37 28.0 
O-T OT | Ot | of | ot 
Ole See ot 2 289 | 169 48 48 24 42.0 
Of ol Re 319 | 170 | 62 | 67 20 43.0 
B27 pr | Br | Be |\bT | be 
BI: oe bt 2 B19) e2T2 26 20 60 18.0 
| Beeb Tr. 2 270 | 140 60 | 62 8 28.5 


*) These 29 individuals represent partly Mo, partly mo. 


So the probable cause of the elimination of the homozygous major- 
factor-individuals in minor-plasm may be supposed to be something, present 


68* 
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in the major-chromosome involved, by which this chromosome in homo- 
zygous combination, loses its vitality in minor-plasm and in this way it 
implies the degeneration of the embryo. One would be inclined to assume 
the existence of a lethal factor in this chromosome, which lethal factor 
would exert its influence in minor-plasm only, and not in major-plasm. 
However it seems to me less probable that one factor only would be at 
work here; if such were the case, a number of individuals should have 
been found in the segregations for the factors A, E, M and O, which 
individuals as products of a crossing-over between one of these factors and 
the lethal factor, should represent viable aa-, ee-, mm-~ or oo-combinations 
in minor-plasm. Such viable homozygotes for major-factors in minor-plasm 
however have not been found. This absence in my opinion does prove that 
the assumption of one only lethal factor, that should be localized in a 
definite locus in the chromosome involved, is utmost improbable. The 
elimination of all such homozygous recessive individuals rather points to 
a lethal character, with which the chromosome as a whole is impregnated. 

The conclusion from the above mentioned facts may be summarized as 
follows: The major-chromosomes, that contain the linkage-group 
O—M—A—B—E—-(Y)—T, in homozygous condition are viable in 
major-plasm only, while they are uncapable of living in minor-plasm as 
a result of some lethal character which is diffused through the whole 
chromosome. 


Botany. — On the protoplasm permeability to water during the recovery 
from plasmolysis. By 1Z. DE HAAN. (Communicated by Prof. J. C. 
SCHOUTE. ) 


(Communicated at the meeting of September 26, 1931.) 


The object of this investigation was to determine whether the permea- 
bility of the protoplasm to water during the course of the recovery from 
plasmolysis is subject to changes. For this purpose I employed the plasmo- 
metric method of HOFLER (1918). 


§ 1. Method. 


HGFLER’s plasmometric method is described in detail in the excellent 
publications of HOFLER (1930) and of HUBER and HOFLER (1930), in 
which they communicate their pioneer investigations on permeability to 
water. HOFLER and HUBER demonstrated in these that the resistance of 
the protoplasm to the ingress of water into the vacuole or to the egress of 
water from the vacuole was the limiting factor with regard to the rapidity 
with which this process runs its course. A detailed discussion of their work 
cannot be embarked upon in this brief communication. 

If it is required to determine the degree of the permeability of a mem~ 
brane to water, it is necessary to determine the amount of water which, at 
a particular difference in pressure, passes through a particular area in a 
particular. time. 

If it is possible to measure these three values for the protoplast, the 
permeability to water per area-element being thus calculated, instead of 
that per total protoplast, a value is obtained which is comparable to HUBER 
and H6FLER’s “Filtrationsgeschwindigkeit”’. 

In order to measure the permeability to water one can measure the 
change in volume during plasmolysis; in this case the amount of water 
withdrawn from the vacuole is determined. The change in volume of the 
vacuole which is recovering from plasmolysis may, however, also be 
measured, in which case the amount of water absorbed by the vacuole is 
determined. 

Both these methods were employed by HUBER and HOFLER. 

In the case of cylindrical cells with suitable protoplasts these changes 
in volume may be fairly easily determined by the plasmometric method 
(HOFLER, 1918). 


] l 
With the aid of the degree of plasmolysis, i.e., pore toe ee othe 
volume cell 
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diminution in concentration between the vacuole and the external solution 
may be calculated. 


Fig. 1.1) Diagrammatic representation of the 
enlargement of the vacuole during recovery from 
plasmolysis. 

The calculation of the degree of plasmolysis 


= (on 


So far, now, as the determination of the area permeable to water is 
concerned, a difficulty arises which I have endeavoured to surmount by the 
choice of the object. I chose, as object, the epidermal cells of the inner 
epidermis of the bulb-scales of the onion. 

This choice proved to be a happy one from several points of view; for 
it is possible to make a preparation from the epidermal cells without being 
obliged to injure any cells. Moreover, this object stands plasmolysis and 
recovery from plasmolysis very well. Part of a preparation of this kind is 
shown schematically in Fig. 2. 


Fig. 2. Plasmolysed preparation, diagrammatic. 


The walls of the epidermal cells contiguous to the neighbouring cells of 
the tissue have a good permeability to water and plasmolytic; the 
external wall, however, possesses a cuticle which is impermeable even to 
water. 

One can easily convince oneself of this by letting a drop of water fall 
on a plasmolysed preparation, when the cells do not recover from 
plasmolysis. 

If water or a hypotonic solution is present in the fore-space V (Fig. 2) 
then the area through which the plasmolysed vacuole can absorb water 
will be formed by the two hemispherical menisci in the cell, the two 
lateral areas AB and CD (Fig. 2), and by the surface of the vacuole 
adjacent to the inner wall. If the preparation be viewed from above, 
the inner wall contiguous to the subjacent tissue may be called the base of 


1) According to HUBER and HOFLER, 1930. 
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the vacuole, the part contiguous to the cutinized external wall, the upper 
surface. The entire surface is thus formed by the hemispherical menisci, 
the base, and the lateral surfaces of the vacuole. There is no reason in 
this case to assume that the water finds its way into the vacuole exclusively 
through the hemispherical menisci, as HUBER and HOFLER, with their 
object Salvinia, gave grounds for supposing, and not through the other 
surfaces. This would even be very unlikely. The amount of water can 
thus be calculated from the changes in the degree of plasmolysis. The 
concentration of the vacuole can also be calculated with the aid of the 
degree of plasmolysis, whilst the area is to be determined in the manner 
described above. The calculation of the permeability to water may now be 
carried out, since HUBER and HOFLER have established the fact that the 
rapidity of the recovery from plasmolysis is governed solely by the 
resistance of the protoplasm. Further the concentration of the liquid in 
the fore-space V (Fig. 2) must also be known. I claim to have succeeded 
in determining within what time the concentration of the plasmolytic in 
the fore-space is replaced by the deplasmolytic (water). 
The following is a description of this (§ 4). 


§ 2. Arrangement of the experiment. 

I worked according to the method of recovery from plasmolysis. A small 
piece of epidermis was first plasmolysed in a saccharose solution 0.646 n 
(volume normal), after which the recovery from plasmolysis was inves- 
tigated in double-distilled water. The epidermal cells of Allium cepa offer 
a particularly vigorous resistance to plasmolysis, but I tried to determine 
whether the recovery from plasmolysis in distilled water did not have a 
harmful effect on the protoplasm. 

That this is not the case was proved by the facts that after the recovery 
from plasmolysis rotation was still observable, and that after recovery 
from plasmolysis the cells could again be normally plasmolysed. 

In one or two cases I noticed an abnormally rapid recovery from 
plasmolysis, which I ascribe to a possible injury in the course of prepara- 
tion: cells of this kind were not used for measurements. _ 

A cinematographic film was taken, by means of a Zeiss Universal 
kinamo apparatus, of the course of recovery from plasmolysis, use being 
made of the microphot. 

I further used a Leitz microscope with ocular 2 and objective 3. 

An exposure was made every 30 seconds. 

The film obtained was later projected on a white screen, so that I was 
enabled to measure the course of the recovery from plasmolysis of several 
cells from one preparation. 

In this way I was also able to determine accurately the area of the 
vacuole which otherwise, when an ocular micrometer is used, is not 


feasible. 
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§ 3. Calculation. 

The cells projected were measured with the aid of a glass ruler, which 
was divided into mm. I was able to measure accurately to within 4 mm. 
The enlargement was such that 1 mm. was equivalent to 1.86 wu. 

The permeability to water was thus expressed in a figure which indicates 
the amount of water (measured in cubic mm. on the image projected) 
which finds its way into the vacuole in 4% minute through an area of 
1 square mm. (again from the projected image) with a difference in 
pressure of 1 n. saccharose solution. 

This figure was called the permeability factor and indicated by the 
letter f. This value corresponds to HUBER and HOFLER’s ‘‘Filtrations- 
geschwindigkeit”’. 

If it is desired to express the permeability to water in « per hour, with 
a difference in pressure of 1 atmosphere, this can be converted, as the 
enlargement is known. This was done for a particular case. 

A linear interpolation was used in calculating in order to obtain the 
average area and the mean concentration of two successive stages. This is 
sufficiently accurate, owing to the very short time intervals of 14 minute. 
(See H6FLER’s elementary calculation, HOFLER 1930, p. 326). 

I obtained the following result. 

The quantity of water which finds its way into the vacuole in 4 minute 
is equal to the difference of the volumes of the vacuoles measured before 
and after the lapse of the 14 minute. 

If we call these volumes: volume vacuole, and volume vacuoles, then 


the quantity of water = volume vacuole » — 
volume vacuole,. 

The degree of plasmolysis (g) at a parti- 

volume vacuole, 
cular moment (1) = gy = on ea 

Volume vacg—volume vac; = (go—g1) 
< volume cell. 

The hemispherical area = 4ar2 (r= 
breadth). 

The lateral area see Fig. 2—=O X 2r. 

O=AB-4+ CD. 

The height of the lateral walls was assumed 
to be equal to the breadth (—2r) in view of 
the regular dimensions of the cells, even in 
transverse section. (See Fig. 3.) 

The error that can be made here is 
that the lateral area (which forms only 
a small part of the total area) may be taken a little too large. This 
has practically speaking no effect on the permeability factor. 

The length of the vacuole is indicated by 1; stage (1), by 1,; stage 
(2), by Io. 


Fig. 3. Epidermal cells of the 
bulbscales of Allium cepa, in cross 
section. 
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The base of the vacuole through which water can permeate = (!—2r) 


er, 
The average base during the course between two successive stages 
4, —2r-+1,—2r 


So We 
2 
The concentration of the vacuole concentration threshold of 
91 
plasmolysis. 
Concentration threshold of plasmolysis = G (final degree of plasmo- 


lysis) concentration of the plasmolytic. 
I thus obtain for f, 


(g2—g1 X volume cell 


i ay 
(4 mre + a <2r+OX 2r) average concentration vacuole 


§ 4. The rapidity with which a sugar solution is washed out of the 
fore-space. 


In the above calculation it is assumed that pure water is present during 
the recovery from plasmolysis in the so-called fore-space (see V in fig. 2). 
On the strength of the following test I feel justified in assuming this to 
be the case. 

I found, as the average of 27 preliminary tests, that the recovery from 
plasmolysis of epidermal cells of Allium in water, after plasmolysis in a 
saccharose solution of 0.646 n., is completed in approx. 8 minutes at a 
temperature of 15 deg. C. 

In these tests the preparation was moved several times to and fro by 
means of a pincette in a basin of water, after having been for 15 minutes 
in the plasmolytic; the recovery from plasmolysis is then traced in water 
on the microscopic slide. 

It had previously been determined that the final degree of plasmolysis 
was reached after 15 minutes in the plasmolytic. 

In order to determine the rapidity with which the sugar solution is 
washed out of the fore-space I then proceeded in the following manner. 
After 15 minutes the preparation was taken out of the plasmolytic, was 
then moved two and fro in water for 30 seconds, after which the water 
adhering to it was removed on a moist. filter paper, and the recovery 
from plasmolysis was determined in liquid paraffin. 

Before the preparation was examined in a drop of liquid paraffin on 
the microscopic slide, it was moved for a moment to and fro in a basin 
of liquid paraffin, in order to remove adherent small drops of water. 

The course of recovery from plasmolysis is shown graphically in fig. 4. 

In the graphic representation the degrees of plasmolysis are set up on 
the ordinate, and on the abscissa the time in minutes. 
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The two lines drawn give the course of recovery from plasmolysis of 
two adjacent cells from one preparation. This preparation was washed in 
water for 30 seconds. It can be seen that the recovery from plasmolysis 


oie i My 8) OR eee, 9 10 UH #2 seme 


Fig. 4. The lines drawn indicate the course of the recovery from plasmolysis 
of two cells, which were plasmolysed for 15 minutes in a saccharose solution 
0.646 n. They were then moved to and fro for 30 seconds in water, after 
which the water adhering to them was removed on moist filter paper; they 
were then put into liquid paraffin. Recovery from plasmolysis in liquid 
paraffin determined. Temperature 17 deg. The dotted lines give the recovery 
from plasmolysis of two cells which are treated in the same way as those 
above, with this difference that these were only 5 seconds placed in water. 


took place in 7 minutes and 45 seconds, that is to say, as rapidly as in 
the case of cells which have constantly been 1n contact with water. The 
beginning of these curves is in the neighbourhood of 2 min. 45 seconds, 
ie. 2 min. 45 sec. elapsed after the preparation had been removed from 
the plasmolytic before I was able to make the first exposure. 

Fig. 4 also shows the course of recovery from plasmolysis of two cells 
from a preparation which was only placed in water for 5 seconds, and was 
then allowed to recover from plasmolysis in liquid paraffin. This is 
indicated by the dotted line. 

These cells required a good 12 minutes to recover from plasmolysis. In 
this case I was able to make the first exposure after the lapse of 1 min. 
20 sec. 

That all the sugar is washed out of the fore-space in 30 seconds is 
proved by the rapidity of the recovery from plasmolysis, which is 
approximately equivalent to the recovery from plasmolysis in water. For 
if all the sugar were not removed from the fore-space the concentration in 
these fore-spaces would become greater and greater, owing to the fact 
that the vacuole absorbs water, as a result of which the diminution 
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of concentration becomes smaller and therefore the course of recovery 
from plasmolysis slower. 

On the other hand we see that the curves get steeper and steeper, which 
means that the recovery from plasmolysis is accelerated. 


§ 5. Recovery from plasmolysis in water. 


A preparation of the inner epidermis of the bulb-scale of Allium cepa 
was allowed to recover from plasmolysis for 15 minutes in a 0.646 n 
saccharose solution. It was then transferred into double distilled water, 
temperature 15—16 deg., in order to recover from plasmolysis. The 
course of recovery from plasmolysis was recorded by means of the cinema- 
tograph, the first exposure being made after 1 minute and 5 seconds. 

The course of recovery from plasmolysis of two cells from one prepar- 
ation is shown respectively by Fig. 5 and table I and by Fig. 6 and table II. 

In the graph the degrees of plasmolysis are set up on the left-hand 
ordinates, and the times in which recovery from plasmolysis was complete 
on the abscissa. 

The upper line indicates the course of recovery from plasmolysis. The 
course of this curve shows that the recovery from plasmolysis gets quicker 
and quicker. This may be due to the fact that the area of the vacuole 
through which water can enter becomes greater during the recovery from 
plasmolysis, whilst on the other hand the suction power of the vacuole 
becomes smaller. The constantly increasing rapidity of the recovery from 
plasmolysis may also be due to the fact that more water is admitted per 
area-element as the recovery from plasmolysis proceeds. 

This latter should be demonstrated by the calculation of the permea- 
bility factor, which shows the amount of water admitted per 14 minute 
through a particular area, with a difference in pressure of 1 n. saccharose 
solution. The permeability factor was calculated during the course of the 
recovery from plasmolysis for every 14 minute. It was found that this 
increases during the course of recovery from plasmolysis. 

For the purpose of a graphic representation the permeability factor was 
set up on the right-hand ordinate, and shown by means of a —-—-— - line. 

The course of this line shows a marked rise as the recovery from 
plasmolysis proceeds. 

The suggestion might be made that water enters not only by the areas 
of the vacuole adjacent.to water, but that the water is then so rapidly 
absorbed by the cell-walls, that the vacuole is practically entirely sur- 
rounded by water. That this is the case, and that the upper surface of the 
vacuole, which lies firmly pressed against the upper wall, which is rendered 
impermeable by a cuticle, is also to be regarded as a surface which lets 
water through, seems to me unlikely. 

This possibility, however, was also taken into account. The permeability 
factor was also calculated in case the entire vacuole surface should absorb 
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water. The permeability factor thus obtained was also graphically repre- 
sented in fig. 5, and shown by means of ...... 

It is at once seen that this line also runs upward during the course of 
the recovery from plasmolysis. 


0.850 
0.750 


0.650 


0.450 


7 z 3 4 5 min. 


Fig. 5 The degrees of plasmolysis are set up on the left-hand ordinate, the 

time on the abscissa. The right-hand ordinate indicates the permeability factor. 

The line drawn indicates the course of the recovery from plasmolysis. The 

__,__._. line indicates the permeability factor calculated from the area adjacent 

to the water, the...... line shows the permeability factor calculated from 
the total area of the vacuole. 


This means therefore that, even if we assume the area which absorbs 
water to be as large as possible, an increase of the permeability to water 
during the course of the recovery from plasmolysis is to be noted. 

I think it may be concluded from the course of the curves: 

a. that, in agreement with HUBER and HOFLER, the resistance of proto- 
plasm is limiting factor for the course of the recovery from plasmolysis. 

b. that permeability. increases during the recovery from plasmolysis. 

Finally, in order to be able to compare the permeability found by me 
with the figures found by HUBER and HOFLER, and by LILLIE in 1915 in 
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the case of Arbacia eggs, I calculated, as they did, with what rapidity the 
water diffuses through the protoplasm, and expressed this, in u per hour 
with a difference in pressure of 1 atmosphere. 

As, however, the permeability to water is not the same at every moment, 
I took the mean of the permeability factors found, which mean was after- 
wards converted. 


TABLE I. 


Preparation plasmolysed in 0.646 n. saccharose solution, for 15 minutes, then allowed 
to recover from plasmolysis in double distilled water. Temperature 15—16.5 deg. C. 


Length of the cell: 110. Breadth of the cell: 52. Preparation 20/5/31 No.1 cell 4. 


| £. calculated Poet et nied 
Ti Length of | Lateral Degree of |Concentration with area eee 
ime a ; witn total 
vacuole area plasmolysis') vacuole adjacent to Benoa 
water 
0 min. 0 sec. 0.375 0.646 
De nD ae 69 62 0.475 0.510 
1.92 2.047 
to a, 75 54 0.525 0.461 
2.202 2.164 
2 Di ss 81 47 0.577 0.420 
AULD, aot 
DSS os 87 42 0.628 0.386 
2.563 2.150 
bi ey eT Pe 92 28 0.678 0.357 
3.050 2357) 
St eco) 99 22 0.732 0.329 
Saat 2.885 
of ty ey Os 102 35 0.795 0.305 
4.800 3.616 
oe re Redes 110 32 0.873 0.277 
8.040 5.146 
Se ai, — 20 1.00 0.242 


The permeability factor was expressed in mm. of the image projected. 

The enlargement was such, that 150 mm.=—2804y, ie. 1 mm.—1.86 uy. 
If I now convert the averages found, I obtain the following figures. 
Preparation: fig. 5. 


f. average (calculated from area 


adjacent to water) —=35 wu per hour and 1 atmosphere 
difference in pressure. 
Varying from 18.9 u—79.3 u per hour and 1 atmosphere difference 


in pressure. 
f. average (calculated from total 


area of the vacuole) = 28 uw per hour and 1 atmosphere 
difference in pressure. 
Varying from 20.1 «—50.7 u per hour and 1 atmosphere difference 


in pressure. 


' The figures for the degrees of plasmolysis are read off on the curves of fig. 5. 
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Preparation fig. 6. 


f. average (calculated from area 


adjacent to water) == 33 per hour and 1 atmosphere 
difference in pressure. 
Varying from 13.7 u—57 wu per hour and 1 atmosphere difference 


in pressure. 


0.650 


0.650 


0.550 


0.450 


0.350. 


7 2 s, 4 a} 6 min. 


Fig. 6. The degrees of plasmolysis are set up on the left-hand ordinate, 

the time on the abscisse. The right-hand ordinate shows the permeability factor. 

The line drawn shows the course of the recovery from plasmolysis, the 

line indicates the permeability factor calculated from an area 
adjacent to water. 


Huser and HOFLER found, in the case of Salvinia, 33 ~ per hour and 
1 atmosphere difference in pressure. LILLIE found 42 per hour and 1 
atmosphere difference in pressure. The values found by me therefore agree 
pretty closely with theirs. 


§ 6. Discussion of the results. 

We have seen that the permeability to water becomes greater during the 
course of the recovery from plasmolysis. 

What can this be due to? - 

We may assume, as does WALTER (1923), that the protoplasm behaves 
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like other swelling bodies, and thus loses water in concentrated solutions, 
and swells in water and diluted solutions. 

Furthermore, a Q 10 of approx. 1 .2 is characteristic of osmotic processes 
when a membrane is used which does not swell (copperferrocyanide) 
(KRABBE 1896, PFEFFER 1877 p. 85). The Q10 which is found in the case 
of the absorption of water by plant tissue is 2 to 3 (VAN RYSSELBERGHE 
1903, DELF 1916). 


TABLE II. 
Preparation plasmolysed in 0.646 n. saccharose solution, for 15 minutes, then allowed 
to recover from plasmolysis in double distilled water. Temperature 15—16.5 deg. C. 


Length of the cell: 206. Breadth of the cell: 45. Preparation 20/5/31 No.1 cell 2. 
Length of Degree of |C trati f, calculated 
Time g Lateral area Eee iice ss oe with area 
vacuole plasmolysis!)| vacuole : 
adjacent to water 

0 min. 0 sec. 0.410 0.646 
Lh tay 11355 139 0.485 0.546 

1.997 
Lig O5 123 123 0.520 0.509 

1.620 
2 ye 131.5 124 0.558 0.475 

1.949 
ee 5 Mbp 138.5 132 0.602 0.440 

2.518 
Sis OG: 147 120 0.655 0.404 

2.980 
SM SOD oy 162 135 0.715 0.370 

3.831 
Se WM, Ogee 172 90 0.785 0.337 

4.896 
Meee OI) ees 186 vl. 70 0.857 0.309 

5. 466 
oh re 191 vl. 2) 65 0.930 0.285 

5.794 
oes e i 206 60 1.00 0.265 


With my own tests I also found a Q 10 of 2—3. 

A Q10 of 2—3 is characteristic of a swelling process; this was also 
found by VAN RYSSELBERGHE in 1903. 

The result obtained by RISsE (1926) is of great importance; by model 
tests with swelling membranes he found that the permeability of colloids 
and of non-conducting crystalloids (dextrine, cane sugar) and to water 
depends on the degree of swelling of the membrane employed. 

Further researches which should be mentioned are those of LUCKE and 
MAcCuTCHEON (1926). 

GELLHORN, in his new text-book (GELLHORN 1931) has the following 
remarks on this subject. “Es handelt sich hier um Veranderungen der 
Kolloide hinsichtlich ihres Gehaltes an gebundenem Wassers, also um 
Quellungs- und Entquellungserscheinungen, und damit ist die Begriindung 


1) The figures for the degrees of plasmolysis are read off on the curves of fig. 6. 
2) vl. means that the vacuole lies with one side against the transverse wall. 
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der Anschauung gegeben, dass eine vdllig scharfe Trennung von osmoti- 
schen und Quellungsvorgangen unter bestimmten Bedingungen nicht még- 
lich ist. Aus diesen und anderen Versuchen derselben Autoren folgt, dass 
die Geschwindigkeit der osmotischen Wasserbewegung vom Quellungsgrad 
der Zellkolloide abhangt.” 

In view of the above data I consider the conclusion justified, that the 
increase of the permeability to water during the course of the recovery from 
plasmolysis is caused by a swelling process. As the protoplasm swells, the 
permeability to water increases. 


Summary. 


1. The plasma resistance determines the rapidity of the recovery from 
plasmolysis. 

2. During the course of recovery from plasmolysis the plasma resistance 
becomes smaller and the permeability to water greater. 

3. The increase in the permeability to water is caused by the swelling 
of the protoplasm. 

4. The water penetrates the protoplasm of Allium cepa with a rapidity 
of approx. 34 w per hour and a difference in pressure of 1 atmosphere. 

These investigations were carried out in the Laboratory for Plant 
Physiology at the State University of Groningen. I wish to express my 
sincere thanks to Prof. Dr. W. H. Arisz for his constant interest and 
constructive criticism. 
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